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Preface 


The third edition of this text is designed to serve the same purpose as 
the first two editions: a one-year course in introductory physics, requiring 
only a prior exposure to high school algebra. 

A substantial and growing fraction of the students taking such a 
course are biologically oriented. To better serve the needs and interests 
of this group, many examples throughout the text have been given a 
biological slant. Along with the other final chapters on Geophysics and 
Astrophysics, the chapter on Biophysics has also been retained and ex- 
tensively revised. Although these revisions may make the flavor more 
palatable to most students, the basic diet of physics has remained 
unchanged. 

In my own teaching from the second edition, I found it advisable to 
‘rearrange the sequence of some of the chapters. This rearrangement has 
been incorporated in the third edition, and I am certain that those who 
use the book will find it to be a helpful improvement. 

In the extensive rewriting, and in the many decisions on deletions, 


xv 


Preface 


additions and rearrangements, the contributions of the late George 
Gamow's creative imagination have been sadly missed. I hope he would 
approve of what has been done. 


Jonn M. CLEVELAND 


1-1 
The Large and 
the Small 


In our everyday life we encounter objects of widely differing sizes, Some 
of them are as large as a mountain and others as small as a grain of dust. 
When we go much beyond these limits, either in the direction of much ‘ 
larger objects or in the direction of much smaller ones, it becomes in- 
creasingly difficult to grasp their actual sizes. 

Objects that are much larger than mountains, such as our earth itself, 
the moon, the sun, the stars, and stellar systems, constitute what is — 
known as the macrocosm (Greek for "large world"). Very small objects 
such as bacteria, atoms, and electrons belong to the microcosm (Greek 
for "small world”). If we use one of the standard scientific units, the 
meter (abbreviated m": | m = 39.37 inches) or the. centimeter (abbrevi- 
ated "cm": 1 cm = 0.01 m; 2.54 cm = 1 inch) for measuring si 
objects belonging to the macrocosm will be described by very 1 
numbers, and those describing the ‘microcosm by very small ones. Th 
the diameter of the sun is 1,390,000,000 m, and the diameter ofa hydro- 
gen atom is 0.000000000106 m. 
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Scientists, however, would ordinarily express such very large and very 
small numbers in a different and more useful way. The diameter of the 
sun in meters is given by the number 139 followed by (and here we 
must stop and count them) seven zeros. Fach zero means a multiplication 
by 10, so we can write this number as 139 x 107. It is customary, but 
by no means necessary, to express such numbers with the numerical part 
(the coefficient) made to be between 1 and 10. This can be done by 
dividing the 139 by 100, to give 1.39. However, if we do this, we must 
avoid changing the whole quantity, by multiplying the exponential part 
by 100, to give 1.39 followed by nine zeros, or 1.39 x 10? m. 

We.can similarly express very small numbers in exponential notation 
if we recall that 107°, for example, means 1/01?, or 0.001. For the 
diameter of the hydrogen atom, given as 0.000000000106 m, we can 
move the decimal point 10 places to the right—the same thing as multi- 
plying by 10!9—to get 1.06. To balance this multiplication we must then 


FIG. 1-1 Space and time scales of the universe. 
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divide the number by 10'°, which is the same as multiplying by 107*°. 
Combining these gives the diameter of the hydrogen atom as 1.06 x 
107!? m. 

The top strip of Fig. 1-1 gives a rough idea of the range of sizes 
encountered in the universe around us. In most graphs we are accustomed 
to have each scale division mean the addition of some number. In the 
representation of Fig. 1-1, however, each equal distance means an equal 
multiplication. The distance from each vertical white line to the next 
means multiplication by 100, or 10?. On a graph of this sort we can 
represent the range of sizes from the diameter of the so-called “elemen- 
tary particles” (about 107 !? cm, or 107 !5 m), to the diameter of clusters 
of giant stellar galaxies (about 107° cm, or 10?^ m). On this sort of a 
scale the human head is about midway in size between an atom and the 
sun. 

The bottom strip of Fig. 1-1 shows an equally wide variation in time 
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intervals. The range, on the same scale as the distance graph, goes from 
the period of gamma rays (i.e., the time between one gamma-ray wave 
and the next) to the age of the universe according to some cosmological 
theories. By comparing distances on this graph, we see that there are 
more heartbeats in a man's lifetime than there are lifetimes in the age of 
the universe. 

This sort of graphical notation is very effective in giving us a visual 
representation of various sizes and times, but we also need to be able to 
deal with quantities of all sorts in a more analytical way. 


To see how this “exponential notation" works, let us quickly review 
some of the rules for working with exponents. Suppose we want to mul- 
tiply 10? by 10°. Since 10? = 10 x 10 = 100, and 10° = 10 x 10 x 
10 x 10 x 10 = 100,000, these two numbers multiplied together give us 
10,000,000, which is 107. It is easier, however, just to write 10? x 105 — 
107; thus to multiply exponential numbers we simply add exponents. 
From this explanation you might guess, and correctly, that to divide, 
you subtract exponents. You can easily check this by dividing 10° by 
10?, which gives 1000, or 10°. But suppose we had wanted to divide 10? 
by 10°? Following the rule for division, we would subtract 5 from 2 
and get the answer 10 ?, which represents the number 1/1000, or 1/10?. 

Asan example, let us work out how many times larger than a hydrogen 
atom the sun is. We could, of course, simply divide 1,390,000,000 by 
0.000000000106, but in doing this it would be very hard to keep the 
decimal point straight. If, instead, we use 1.39 x 10? and 1.06 x 10719, 
the calculation becomes quite simple, as the numerical multipliers and 
the powers of 10 can be handled separately: 


1.39 x 10°% 


a n Ia x 1097019 = 131 x 1019. 
al x 


Notice that in the fraction above, both numerator and denominator 
are given in the same units—meters. These cancel out to give the answer 
1.31 x 10'? without any units, which is just as it should be. The sun's 
diameter is 1.31 x 10!? times as large as the diameter of a hydrogen 
atom no matter what units are used to measure them. 

With numbers expressed in.this exponential notation, raising to 
various powers is fairly obvious. For example, (1.20 x 103)? is the same 
as (1.20)? x (10°)? = 1.44 x 105. To square 10° we must multiply the 
exponent by 2. Similarly, (105)? = 10!5, 

In taking roots of numbers, we must be a little more careful. Since 
raising to a power means multiplying the exponent by the power, it is 
reasonable to expect that taking the cube root, for example, would mean 
we must divide the exponent by 3. The cube root of 10? = 10*. But how 
do we deal with the cube root of 10°? Following the rule, it must equal 
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Units Used in the 
Physical Sciences 


109? = 10%67, This is true, but without using logarithms it is hard to 
know that 10^57 = 464. In this case, it is easy to make the exponent 
evenly divisible by 3: 10° = 100 x 10°. We can now take the cube root 
in two parts: $ s 


Vio* = V100 x 1/105. 


From a slide rule or a table, we can find that the cube root of 100 is 4.64, 
and the cube root of 10$ = 109/ = 10°. For the answer we have 


4.64 x 10?, or 464. 


Until the beginning of the nineteenth century, the situation in the field 
of weights and measures was not much better than the linguistic situa- 
tion at the Tower of Babel. The units of length varied from country to 
country, from town to town, from one profession (such as tailoring) 
to another (such as carpentry) and were mostly defined, rather loosely, 
by reference to various parts of the human body. Thus an “inch” was 
defined as a thumb-width, a “hand” or “palm” (still used for measuring 
the height of horses) as the breadth of a hand, a “foot” as the length of 
a British king's foot, a “cubit” as the distance from the elbow to the tip 
of the middle finger, a “fathom” (used in measuring ocean depths) as 
the distance between the tips of the middle fingers of the two hands 
when the arms are outstretched in a straight line, etc. In the year 1791, 
the French Academy of Sciences recommended the adoption of an inter- 
national standard of length and suggested that the unit of length be 
based on the size of the earth. This unit, called the meter, was intended 
to be one ten-millionth of the distance from the pole to the equator. 
The Academy prepared a "standard meter"—the distance between two 
fine lines engraved on a platinum-iridium bar. Later measurements of 
the earth; more accurate than those available to the French Academy, 
showed that the earth is somewhat larger than they had supposed. The 
exact relation between the meter and the polar circumference of the 
earth is of no practical importance, however, and the original length of 
the bar itself has been retained as the standard of length for scientific 
measurements everywhere. The original meter is kept at the Bureau 
des Poids et Mésures in Sévres (not far from Paris), and accurate copies 
have been distributed to most of the countries of the world. 

In recent years, it has become possible to measure lengths much 
more accurately by optical means than by locating two engraved lines 
on a metal bar. Accordingly, in 1960 the International Bureau of Weights 
and Measures decided to define the meter as exactly 1,650,763.73 
wavelengths of the orange-red light emitted by the gas krypton-86. 
(Later in the book we shall see what this terminology means.) Now, if 
all the standard meter bars in the world were melted down into paper- 
weights, we would still be able by this optical definition to reestablish 


FIG. 1-2 This balance, designed by the United States National Bureau of Standards, is 
used to compare government and industrial copies with the primary United States kilogram. 


the meter, and more accurately than we ever could by measuring and 
comparing metal bars. 

Although commerce and engineering in English-speaking countries 
employ measurements made in feet, inches, and yards (units inherited 
from England along with our language), scientific measurements of 
length and distance are nearly always in metric units. 

Along with the standard unit of length, the metric system also intro- 
duced a new unit for amount of matter, or mass. Disposing of pounds 
and ounces, it uses the gram (g), which was intended to be equal to 
the mass of a cubic centimeter of water at a temperature a few degrees 
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above the freezing point, at which it has its greatest density. (Later 
more accurate measurement showed the maximum density of water to 
be only 0.999973 g/cm?; but for our purposes, we can use an even 
1 g/cm?.) A standard kilogram (1000 grams, abbreviated kg) was made 
of platinum and iridium alloy; the original is kept together with the 
original meter in Sévres and copies are distributed all over the world. 
While the gram and the kilogram are the standard units used in physical 
measurements, we also use milligrams (thoüsandths of a gram, mg) and 
micrograms (millionths of a gram yg) to express the mass of very small 
amounts of matter. 

Science has not yet devised a more accurate way of measuring the 
mass of a body, i.e., the amount of matter it contains, than by comparing 
it with accurate standards on a very sensitive balance. With the balance 
shown in Fig. 1-2, masses can be compared with an accuracy of 7 parts in 
10°. Thus all of our most accurate measurements of mass are still given 
in terms of the actual standard kilogram. 

The master clock, part of which is shown in Fig. 1-3, symbolizes 
a third physical unit: the unit of time. A day is divided into 24 hours, 
each hour is subdivided into 60 minutes, and each minute further divided 
into 60 seconds, abbreviated s. This system of time measurement is based 


FIG. 1-3 Our measurement of time is determined by this "atomic clock" at the Boulder, 
Colorado, Laboratories of the National Bureau of Standards. A scientist is shown pouring 
liquid nitrogen (320? Fahrenheit below zero) into the device in order to help maintain the 
vacuum in which the cesium atoms vibrate. (Courtesy National Bureau of Standards.) 
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` upon that used in ancient Babylon and Egypt, and not even the French 


Revolution was able to convert it into a decimal system. In the measure- 
ment of time intervals much shorter than a second, however, the decimal 
system is used, and we speak about milliseconds (thousandths of a second, 
ms) and microseconds (millionths of a second, ys). 

Yet the definition of a second as 1/86,400 of the average length of 
a day throughout the year, though serving well enough to get us to break- 
fast on time, is not entirely satisfactory for modern scientific purposes. 
Astronomers have discovered that the rate at which the earth spins on 
its axis is not exactly constant, so that the actual length of the day varies 
slightly from year to year and from century to century. In order to keep 
the length of the second constant for scientific purposes, our National 
Bureau of Standards now defines the second as the time it takes an 
atom of cesium to make 9,192,631,770 internal vibrations. 

The clock in Fig. 1-3 counts and keeps track of the vibrations of 
cesium atoms with an accuracy of 1 part in 2 x 10'*; it would have to 
run for 6000 years before gaining or losing a single second. The rotation 
of the earth is not nearly this steady. For this reason one year may be 
slightly longer or shorter than the next. In ordér to keep our clocks and 
our calendars in step with each other, “leap seconds" may be added to 
(or subtracted from) a year. The year 1972, for example, was 2 seconds 
longer than normal. One leap second was added just before midnight 
of June.30.and again on December 31 to give this year two 61-second 
minutes. y 

Having defined the units for length, mass, and time, we can express 
through them the units for other physical quantities. Thus one unit of 
velocity could be a centimeter per second (cm/s), the unit of density a 
gram per cubic centimeter (g/cm), etc. The above have been expressed in 
the system of units known as the CGS system (for centimeter-gram- 
second). The MKS (meter-kilogram-second) system is also in common 
use. These two decimal systems, related to each other by simple powers 
of 10, are accepted by scientists all over the world and represent a definite 
advantage over tlie Anglo-American system of units in which speed, for 
example, may be expressed at will in “feet per second,” “miles per hour,” 
or even in “furlongs per fortnight.” 

In common usage, we have a foot composed of 12 inches, a yard 
composed of 3 feet, and a mile that is 1760 yards or 5280 feet long 
(unless it is a nautical mile of 6076 feet). We use the ounce, equal to 
437.5 grains (unless it is a troy ounce, used in pharmacy and in weighing 
precious metals, which is 480 grains), the pound of 16 ounces (unless it is 
a troy pound of 12 troy ounces), the ton of 2000 pounds (unless it is a 
long ton of 2240 pounds), etc. Calculations are much easier in the metric 
system, whose various subdivisions are all related by factors of 10 and 
whose relationships are indicated by the following standard prefixes, the 
most common of which are in boldface type: 


9 
Our Place in the 
Universe 


1-4 
Mixtures of 
Units 


giga (G) = 109 1 gigavolt (GV) = 109? volts 
mega (M) = 108 1 megabuck (M$) = 108 dollars 
kilo (k) = 103 1 kilometer (km) — 103 meters 
hecto = 10? 1 hectogram = 10? grams 
deca = 10 1 decaliter = 10 liters 
deci (d) -— 107! 1 decibel (dB) = 107" bel 
centi (c) — 107? 1 centimeter (cm) = 1072 meter 
milli (m) = 1073 1 millivolt (mV) = 1073 volt- 
micro* (zy) = 10-5 1 microwatt (uW) = 1075 watt 
nano (n) = 1079 1 nanosecond (ns) = 10-? second 
pico (p) = 10712 1 picofarad (pF) — 10712 farad 


CC eee 


* The word “micron,” as well as “micrometer,” is used to mean 1075 m. “Micrometer” 
is also a measuring device, but the context should always prevent any confusion in meaning. 


In comparing the sizes of the sun and the hydrogen atom, we were 
fortunate in having both expressed in the same unit of measurement. 
We may not always be so lucky. How does a 100-meter dash compare, 
for example, with a 100-yard dash? In order to make the comparison we 
must either convert the 100 meters to yards or the 100 yards to meters. 
Let us convert the meters to yards, using the known fact that 2.54cm = 1. 
inch. Then, 


loi lia S 1f- lyd 


1002r x = 109.4 yd 
Le 2 Sdcer™ 2a  3f- y 
100 am) 2o41 09.4 yd rin: 
100 yd ~100 yd 
Or we could have converted the 100 yards into meters: 
100 yd- x 3.f- x Bam dii eme ji d Tos 914m 
Ly" lie Lir I00-enr 
.100 m = 100 m = 1.094 again 
100 yd... 91.4 m 


In the first example-above, we have started with the 100 m as a 
numerator. Each conversion factor is a fraction equal to 1, because the 
numerator and the denominator each represent exactly the same length. 
A dimension in the numerator can be canceled with the same dimension 
in the denominator, just as numbers can. When we do this-in the example, 
we are left with only the dimension of yards for the answer. ; 
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Investment 


As another example, we can convert the speed of light, 3.00 x 10!? 
cm/s, into mi/hr. This is a double conversion: We must convert the 
distance measurement from centimeters to miles and also the time 
measurement from seconds to hours. 


3 x I0! enr i: lir lfr ^ 1 mi E 3.6 x 10 y 
5» A5&em 12i 528 x 10° Ihr 
= 0.0671 x 10!? 


= 6.71 x 10* mi/hr. 


The speed of light is the basis of a distance measurement used by 
astronomers: the light-year, which is the distance a ray of light travels 
through space in a year. 


3 x 10!? cm y 60 y x 60 mir 24 br 365.days- 
5» lar chr day yr 
= 9.46 x 10!" cm/yr. 
The light-year is thus 9.46 x 10'7 cm. Or, in English units, 


nae 
6.71 x 10° mi $) 24ht 365days — 588 x 10! mi/yr 
hr day yr 


to give the light-year as 5.88 x 101? mi. 
The following table may be helpful in converting measurements to 
different units. A more complete table is on p. 587. 


1 angstrom (A) = 107? cm = 10719m 
1 foot (ft) = 30.48 cm = 0.3048 m 

1 meter (m) = 39.37 in = 3.281 ft 

1 mile (mi), = 1.609 km 

1 kilometer (km) — 0.6215 mi 

1 pound (Ib) = weight" of 453.6 g 
Weight* of 1 kilogram (kg) — 2.205 Ib 


So nen 


* Since the weight of a gram or kilogram is slightly different at different locations on the 
earth, we must specify that this weight is to be measured at sea level, at 45° latitude. 


Like other courses, a physics course is more than merely so many hours . 
of credits. It represents an investment of time and effort from which you 
expect a return that can be measured in terms of accomplishment, 
satisfaction, and grades. As with other investments, the more time and 
effort you expend, the greater the returns you can expect. 


11 
Our Place in the 
Universe 


Some students, however, find that the rate of return on this investment 
turns out to be less than it should be. Study time may not always seem to 
pay off in commensurate accomplishment and satisfaction. Perhaps the 
reason is that the time and effort are not being used effectively. Study 
methods that work for other courses may not be the best for physics. 
Of course people differ; minds and attitudes differ—there can be no one 
hard-and-fast set of rules for everyone. Nevertheless, give the following 
suggestions a try: 


1. Read the assigned text material once—quickly but thoughtfully. If you 
don't understand it all, don't worry. This is merely an orientation to the general 
ideas, and a preliminary exposure to new terms and new relationships. With 
practice, though, this first step will become more and more effective, so that 
less and less remains to struggle with later. 

2. This is a don’t—what not to do. Many students start out with the idea that 
a really good job of studying the physics text consists of repeating Step 1 four 
or five or six times. This does not do it. The ideas you did not understand after 
the first reading, you probably still don't understand after the sixth. You have 
largely wasted your time and effort. 

3. Go back and study the text material once. The text serves as a medium to 
transfer ideas, pictures, relationships, and (to a lesser degree) facts, from the 
author's mind to your own. At first, you may need to check yourself after 
every sentence. “Do I really understand what this one sentence meant?” If not, 
read it again and think about it. With practice, this sentence-by-sentence - 
study can be expanded to paragraphs and sections. The idea is not to memorize, 
but to understand. Memorizing physics—statements, equations, the words of 
definitions and new ideas—will contribute little to your progress. If you 
understand and visualize, it is remarkable how little you will need to deliberately 
memorize. 

4. The many worked-out examples ard derivations in the text are not to be 
just read through with a head-nodding in vague agreement. Work through 
them yourself with pencil and paper. (Many newspapers sell pads of newsprint 
trimmings quite cheaply. Many physics departments have stacks of obsolete 
computer printouts they are glad to get rid of. The backs of these are good 
enough.) Think your way through from one step to the next. Don't merely 
copy. A good typist copies with a smooth flow into her eyes and out of her 
fingers without the material she copies leaving any impression on the way. 

5. Use the illustrations. Most of them are visual representations of text 
material. Study them as you study the related text; each will reinforce your 
understanding of the other. 

6. When you believe you understand the assigned material, turn to the Study 
Supplement. Work through the questions and problems in order. A most 
important factor here is to write your answer or solution on paper for each 
question before you go on to the next. Hopefully, you can work through your 
entire assignment without trouble. You can then check your own written 
answers and solutions with those in the Study Supplement. If you come to a 
problem you cannot answer, do not (repeat—not!) immediately turn to the : 
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(1-2) 


solutions for help. Give yourself a chance to think about it a minute or so. 
Try the next question—it may give a clue to a new line of thought. If not, then 
turn to the solution. If you run into too many of these snags, it may be a hint 
that you need to study that part of the text again. 

7. Give yourself a break. Study something else, or (if your schedule permits it) 
wait until the next day. A little time for your subconscious to digest things is 
very valuable. Then try problems from the text. 

8. Keep up with your assignments. It is easy to argue yourself into going to 
class or lecture unprepared: What you learn there will make your studying 
easier. There is some truth in this argument, but the balance is heavily weighted 
in the other direction. When you go to class or lecture fortified with a good 
foundation of study, demonstrations make sense; different approaches to the 
material are reasonable; the myriad byways and side issues not covered in the 
text are understandable. For some courses it is perfectly feasible to set aside 
one large block of time to do an entire week's assignments. In physics, this 
does not work so well. There are too many new ideas, too many new relation- 
ships, and too much logical structure that must be thoughtfully knit in place. 
Frequent small bites are much more digestible than an occasional big meal. 


Questions 


1. Express these numbers in exponential notation: (a) 563, (b) 0.0012, 
(c) 43,900,000, (d) 0.0000007190. 

2. Use exponential notation to write the following: (a) 93,000,000, 
(b) 0.00006893, (c) 5280, (d) 0.0400. 

3. Express the following in an exponential form that is not a fraction: 
(a) 1/10*, (b) 1/107 *, (c) 2/105, (d) 0.0043/107*^. 

4. Write these numbers in an exponential form that is not a fraction: (a) 1/107 ?, 
(b) 1/105, (c) 396/105, (d) 0.00012/107 7. 

5. From Fig. 1-1: (a) About how many times larger than its nucleus is an 
atom? (b) About how many revolutions does a hydrogen-atom electron make 
while light is traveling 1 ft? (c) What is about 10,000,000,000 times as large as 
a pinhead? 

6. From Fig: 1-1: (a) About how many atoms side-by-side would reach from 
sea level to the top of Mt. Everest? (b) What has a lifetime about 10!5 times 
that of a muon? (c) About how many times more distant than the moon is 
the nearest star? 

7. What are the values of the following fractions? 


(a) 8 x 1077 x 6 x 10* ) 3.14 x 105 x 0.912 
3 x 107!* x 4 x 10° 6420 x 1.13 x 1075 
8. What are the values of the following fractions? 
"TER x 4x 1073 (by 119 x 1075 x 3420 
2 x 1074 x 3. x 10!5 18.0 x 106 x 2.61 x 1078 


9. The mass (which roughly means the amount of matter) of a proton is 
1.67 x 107?" kg. How many protons would be required to make 1 kg? 
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10. The mass (which roughly means the amount of matter) of an electron is 
9.11 x 10775 g. How many electrons would be required to make 1 g? 

11. What is the value of (a) (6 x 102)?? (b) (1.2 x 1075)? (c) (150,000)?? 
12. What is the value of (a) (3 x 10755? (b) (4.6 x 102)?? (c) (46,000)3? 
13. What is the square root of (a) 108? (b) 9 x 109? (c) 10 x 109? (d) 10°? 
(e) 6.4 x 10°? (f) 463 x 10112 

14. What is the square root of (a) 10°? (b) 4 x 106? (c) 10 x 10°? (d) 107? 
(e) 4.9 x 1072 (f) 316 x 10°? 

15. What is the cube root of (a) 10°? (b) 27 x 10°? (c) 100 x 10°? (d) 10!!? 
(e) 6.4 x 10192 (f) z x 101°? 

16. What is the cube root of (a) 105? (b) 8 x 10°? (c) » x 109? (d) 1072 
(e) 2.16 x 109? (f) x x 109? 

17. (a) How many millimeters (mm) are there in a kilometer (km)? (b) How 
much larger than a nanosecond (ns) is a millisecond (ms)? (c) A microwatt (uW) 
is what fraction of a kilowatt (kW)? 

18. (a) A gigaparsec (Gpsc) is how many kiloparsecs (kpsc)? (b) How many 
picofarads (pF) are there in a microfarad (uF)? (c) What fraction of a kilovolt 
(kV) is a millivolt (mV)? 

19. A drill is 4 in. in diameter. Express this in centimeters. 

20. A man is 6 ft 1 in. tall. What is his height in meters? 

21. The average diameter of the earth is 7927 miles. What is this in centi- 
meters? in meters? in kilometers? 

22. The diameter of a common size of European bullet is 7 mm. Express this 
diameter both in inches and in feet. 

23. Light of a certain color is composed of a train of waves, each 0.437 u long. 
How many of these waves are there in a foot? ? 

24. Light of a certain color is composed of a train of waves, each 5890 À 
long. How many of these waves are there in an inch? 

25. A 31-story building is 132 m tall. What is the height of each story in feet? 
26. If 325 sheets of paper make a stack 1 in. high, what is the thickness of a 
sheet of paper in centimeters? E 

27. How far (in feet) does light travel in 1 ns? 

28. How long (in seconds) does it take light to travel 1000 ft? 


2-1 
Equilibrium 
and Forces 


Since we are going to study bodies in motion and what makes them 
move, the easiest place to start is with bodies that are not moving at all. 
Such objects are in a state of static equilibrium. As we shall see in the next 
chapter, any body moving in a straight line at constant speed is also 
in equilibrium; the stationary objects we shall consider now are merely 
special cases in which the constant speed happens to be zero. Let us 
examine a few of these special cases. 

A book is probably lying on your desk—it is motionless and in static 
equilibrium. What do we know about the forces acting on the book? 
Unless there is a high wind, there are no forces tending to move it hori- 
zontally across the desk. We know, however, that there is a vertical 
force acting on it, trying to move it downward toward the earth's center. 
This gravitational attraction toward the earth is the book's weight; 
you can feel this if you hold the book in your hand. We know, too, that 
in order to keep the book from falling, you must push upward with a 
force equal to its weight. If you withdraw your hand, the downward 
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Equilibrium 
and Torques 


FIG. 2-1 Two equal and opposite forces, not acting along the same line, exert a torque 
on the log. 


force of gravity acts unopposed to bring the book crashing to the floor. 
We can then be confident that the book lying on the table is also being 
acted on by two forces: the downward pull of gravity and the equal and 
opposite upward push of the tabletop. 

If we want to call an upward force “+” and a downward force 
**—"', a little more elegant way of saying the same thing is to state that 
all the forces acting on a body in equilibrium add up to zero. 

This rule of course applies to other directions as well as to up and 
down. If you push the book north with a force of 5 Ib, the book will 
move unless your push is opposed by some southward 5-Ib force. 


Even if we were sure that all the forces acting on a body added up to 
zero, this alone would not guarantee that the body would be in equi- 
librium. In Fig. 2-1 the log on the ground is being acted on by two 
equal and opposite forces. Tractor A pulls one end of the log east with 
a force of 2000 Ib; tractor B pulls the other end west with an equal 
2000-Ib force. These two forces add up to zero, but we know the log 
will not lie motionless; instead, it will begin to rotate, as shown. The 
rotating effect of a force depends, not only on how big the force is, but 
also on where it is applied. In Fig. 2-2A, for example, it will be very 
hard to turn the rusted nut. The turning effect, or torque, is the force F 
multiplied by the distance dj, called the lever arm. 


Torque — force x lever arm. 


B c 


FIG. 2-2 The torque produced by a force depends on the force and on its lever arm. 


By slipping a piece of pipe over the wrench handle as in Fig. 2-2B, the 
distance, or lever arm; is increased to d}, and the torque Fd, is made 
much greater without any increase in the force. 

We must note here that the lever arm is always measured from the 
center of rotation perpendicular to the line of action of the force F. This is 
seen to be the case for d, and d, in Fig. 2-2A and B, in which the pull is 
perpendicular to the handle of the wrench. In Fig. 2-2C, however, the 
pull is at an angle and the situation is different. The distance d, (which 
is the lever arm) must be measured from the center of the nut in the direc- 
tion shown, perpendicular to the dashed Zine of action of the force F, i.e., 
the prolongation of the arrow representing the pull of the hand. 

Figure 2-3 shows a light bar with weights suspended from its ends, 
balanced on a narrow support at B. If we were to balance such a bar with 
weights as shown, we would find that the distances BC and AB would 
have to be in the same proportion as the weights hung from A and C, 
respectively; in this particular case, in the proportion, or ratio, of 3 
to 1. If we imagine the bar trying to turn about B, force A will have a 
torque of 3 x 2 = 6 in.-Ib counterclockwise and will be just balanced 
by the clockwise torque of force C, which equals 1 x 6 = 6 in.-lb. 
(Since we obtain torque by multiplying a distance times a force, the 
units, or dimensions, of torque are always expressed as distance-force 
units—in this case, inches x pounds, or in.-lb.) 

At point B, the support does of course exert an upward force on 
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FIG. 2-3 For a body in equilibrium, the forces in one direction equal the forces in the 
opposite direction, and the clockwise torques equal the counterclockwise torques. 


the balanced bar, but since the force passes through B, its lever arm 
(measured from B) is zero and so is its torque. 

In this example we did not need to know the upward force at B. 
It would, however, have been easy to find, since in equilibrium the 
forces up must equal the forces down: Fg = 3 + 1 = 4 Ib. With this 
knowledge that F4 = 4 lb upward, we can check the torques on the bar 
around A or C or any other point and get the same results, that the 
clockwise and counterclockwise torques are equal. Around A, for 
example, the force due to the 3-lb weight passes through A and hence 
its lever arm and its torque around A are zero. The upward force at B 
tries to rotate the bar around point A in a counterclockwise direction; 
the weight pulling down at C tries to rotate it clockwise around A. 
So we can write for torque clockwise — torque counterclockwise that 


1x824x2 


Using +F and —F to indicate upward and downward forces and +7 
(the Greek letter tau") and — t for clockwise and counterclockwise 


17 


18 
Bodies at Rest 


2-3 : 
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torques, we can put the conditions for equilibrium into a very simple 
form: 
XF-20 and $:-0. 


The Y. is the Greek capital letter "sigma," used to mean “the sum of.” 
These relationships can be checked out as follows for the lever of 
Fig. 2-3: 


Xyr24-3-1-90 


Yy:-2(1x8)—-(4x2)-0 (around A) 
Yy:-2-(1x69-G8x2)-0 (around B) 
Zrı=(4x6- 8x383) =0 (around C). 


In objects that posses a definite shape, we can single out an important 
point known as the center of gravity (CG). The force of gravity acts, 
of course, on all parts of any given object, but the center of gravity 
can be defined by saying that objects subjected to gravity behave as if 
there were only a single force applied at that point. If a body is supported 
at its center of gravity, it will be in balance and have no tendency to 
move or rotate in any direction. 

For any symmetrical body of uniform composition, the center of 
gravity is the same as its geometrical center. In the case of an object 
of more complicated shape, the center of gravity can always be found 
by suspending it on a string attached first at one point and then at 
another point on its surface. An object always comes to rest with its 


FIG. 2-4 A simple experimental method for locating the center of gravity (CG) of an 
irregularly-shaped figure. 


A 


SP — Suspension 
point 


CG — Center of 
gravity 
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center of gravity directly under the point of suspension. Suppose we 
cut an object out of plywood with the shape shown in Fig. 2-4. If we 
suspend it at point A, it will hang in the way shown in Fig. 2-4 (left), 
and its center of gravity must be located somewhere on the line AB. 
If we suspend it at another point C, the object will hang as shown in 
Fig. 2-4 (center) and the center of-gravity must be somewhere on the 
line CD. Thus the exact location of the center of gravity is determined 
by the intersection of the lines 4B and CD. It is unnecessary to suspend 
it from a third point E (right) because the vertical line EF must also 
pass through the intersection of the previous two lines. 

In our investigation in the preceding section, concerning the light 
bar with the weights at its ends, the center of gravity of the whole | 
arrangement was at the balance point B. In this problem, we took 
advantage of the word “‘light” to ignore the effect of gravity on the bar 
itself. Most real bars and sticks, however, are heavy enough so that their 
own weights must also be taken into account if we are to expect accurate 
answers. Let us go back to this example, as illustrated in Fig. 2-3, and 
assume that the bar itself weighs 1 Ib. Now, where will the balance point 
be with the weights still attached as they were? 

Figure 2-5 shows the same bar, with the addition of the force marked 
W, representing the weight of the bar itself. Although gravity pulls 


FIG. 2-5 ‘Including its own weight in balancing a bar similar to the one considered 
weightless in FIG. 2-3. 
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FIG. 2-6 The graphical 
addition of vectors. 


equally along the entire length of the bar, we can consider the entire 
pull of 1 Ib to be exerted at the center of gravity of the bar. We can 
assume that the bar is uniform, so that its center of gravity will be at 
its center, 4 in. from each end. Although the upward supporting force B 
can be calculated to be 5 Ib by using Y F = 0, we do not now know 
where this point of balance will be located. Assume it to be x inches 
from the left end. Then, with the bar balanced and in equilibrium, the 
total torques of all the forces acting on the bar will add up to zero, no 
matter what point we choose to pick as a center of rotation. Point A is 
as good as any. So, using A as the center and putting torques clockwise = 
torques counterclockwise, we get 


8x0)4-(üx8)-25xx 
5x = 8 


x= $= 1.6in. 


Some physical quantities, such as age, amounts of money, and tempera- 
ture, have magnitude only—that is, they can be described by a single 
number that tells the amount of the property we are interested in: 30 
years, $27.19, 75°, etc. Such quantities are called scalars. There are 
other quantities, however, that have direction as well as magnitude. 
We cannot describe a force, for example, merely by saying that it is 
equal to 30 Ib. The direction of the force must also be given if we are 
to have a complete picture of it. Such quantities are called vectors. 
Vector quantities can be very conveniently represented by arrows. The 
length of the arrow, drawn to some convenient scale, represents the 
magnitude of the quantity, and the arrow is pointed in a direction parallel 
to the direction of the vector quantity. 

Probably the simplest example of the application of vectors is in their 
use to represent distances or displacements. Figure 2-6A shows a walking 
tour in which a man starting from O goes 6 km east, 7 km north, 4 km 
east, 2 km south, and 2 km east to at last arrive at X. We have repre- 
sented each segment of this journey by one of the separate vectors A, 
B, C, D, and E; note that the tail of each one starts from the point of the 
preceding one. 

This is a graphical method of vector addition; the vector sum, or resul- 


‘tant, of the five vectors A, B, C, D, and E is the single vector R that 


goes from O to X. We can find the magnitude, or length, of R by sketch- 
ing in the east-west line OZ and the north-south line from Z to X. 
The line OZ is 6 + 4 + 2 = 12 km long; ZX is 7 — 2 = 5 km. The 
Pythagorean theorem tells us that 


R = V(12? + ©)? = 13. 
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(Note that this is something quite different from the total 21 km the 
man has walked.) 

It is a good thing to know that it makes no difference in what order 
vectors are added. Figure 2-6B shows them added in the order E, D, C, 
B, A. A quick check will show that OZ (the east-west component of R) 
is again 12, that ZX (the north-south component of R) is 5, and that R 
is identical with the R of Fig. 2-6A. 

We now have half the information we need to describe a vector. It 
would be convenient to be able to say also that “R points in a direction 
so many degrees north of east." Of course, we could lay a protractor on 
the figure (if it is drawn accurately to scale) and thereby find the angle 
ZOX to be about 23°. But it is generally desirable to use some more 
accurate and more convenient analytical method for finding out about 
angles. Fortunately for us, the patient labors of the men who computed 
the tables of trigonometric functions have made this easy; a condensed 
table is given on p.588. 

Figure 2-7 shows the right-triangle relationships that define the three 
principal trigonometric functions—the sine (abbreviation: sin), the cosine 
(cos), and the tangent (tan). The angle 0 (the Greek letter theta) is the 
same in all the various-sized triangles shown, which means that all 
the triangles have the same shape. Therefore, the ratio o/h or a/h or oja 
will be the same, regardless of the size of the triangle; in other words, 
these ratios depend only on the angle 0, which determines the shape of 
the triangle. 

We can now return to Fig. 2-6 and see that the tangent of angle 
ZOX = + = 0.417; sin ZOX = 4 = 0.385 and cos ZOX = 1$ = 
0.923. From any one of these, we can find from the table (or from a slide 
rule) that angle ZOX = 22.6° and we can thus give the direction of R as 
22.6? north of east. 


FIG. 2-8 Tail-to-point and parallelogram methods for the graphical addition of vectors, 
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FIG. 2-9 | Resolution of a vector into components. 


In this discussion we have followed the logical procedure of adding 
vectors by starting the tail of one on the point of another. (If we want to 
subtract a vector, all we need do is reverse its direction by putting the 
arrow on the opposite end and then add it.) 

There is another graphical method for adding two vectors, called 
the parallelogram method. Figure 2-8A shows the vectors A and B, which 
we are to add together. As in Fig. 2-8B, we can either add A + B by the 
tail-to-point scheme or do the same for B + A. In either case we find the 
same resultant—that is, the R’s are the same length and in the same 
direction. So in Fig. 2-8C the two parts have been put together on the 
same resultant. This justifies Fig. 2-8D, which illustrates the parallelo- 
gram method. A and B have been put together tail-to-tail. The dashed 
lines show the completion of a parallelogram; the resultant R is the 
diagonal of the parallelogram, drawn from the junction of the tails of 
A and B. 

For many purposes it is useful to be able-to replace a vector by two or 
more components—that is, by two or more vectors which will add 
together to give the original vector. Almost always we will want these 
components to be at right angles to one another, and Fig. 2-9 shows 
how this can be done in a process called resolving a vector into compo- 
nents. We see that the x component of vector V is V cos 0, and the y 
component (which is equal to AC) is V sin 0. Similarly, if we had for some 
reason chosen different directions for our components, we would have 
V’s m component equal to V'cos $ (Greek letter phi), and its n compo- 
nent equal to V sin @. The original vector V is shown marked out 
because it has been replaced by its components, which add up vectorially 
to produce the same effect as V itself. 


The use of vectors and their components makes it possible for us to put 
the idea of equilibrium on a more secure and definite footing. In the 
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examples we have used so far, the applied forces have always been 
parallel so that it was easy to see that the “ups” just nullified the "downs" 
and that the “lefts” exactly counterbalanced the “rights.” For torques, 
also, we heretofore have considered only forces that were perpendicular 
to given lever arms so the torques were easy to calculate. Most actual 
examples, though, include forces and torques that are not so considerately 
arranged. i 1 

For example, look at a weight suspended from ropes as shown in 
Fig. 2-10A. The pulls of the ropes on the knot P will be along the direc- 
tions of the ropes, as indicated by vectors A and B in Fig. 2-I0B. Also 
acting on the knot is the pull of gravity on the suspended weight—100 Ib 
straight down. By resolving A and B into vertical and horizontal compo- 
nents, we can as simply as before deal with “ups” and "downs" and 
“lefts” and "rights." A, (the vertical component of A) is A cos 30° = 
0.8664, and A, (the horizontal component of A) is A cos 60° (or, if you 
prefer, A sin 30°) = 0.500A. Similarly, B, = 0.707B and B, = 0.707B. 
Putting “ups” equal to “downs” and "rights" equal to “lefts,” we have 


0.8664 + 0.707B = 100 P 


and 
0.5004 = 0.707. 


The second equation gives us A = 1.414B. If we substitute this value 
for A into the first equation, we get 


1 


FIG. 2-10 Resolution of 0.866 x 1.414B 4- 0.707B — 100 
oblique vectors into 
vertical and horizontal a 
components, DR IAS 

B — 51.76 Ib. 


Substituting this value for B back into one of our first equations, we 


find that P 
A = 73.19 Ib. 


The example we have just considered was one in which all the forces 
acted together at a single point so that it was not necessary to deal 
with torques. In many cases, however, it will be necessary to compute 
the torque of an oblique force. Figure 2-11A shows a hinged wall shelf 
used as a desk. The shelf is supported on each side by a chain fastened 
as indicated on the drawing. The shelf itself weighs 20 Ib and a 40-Ib 
typewriter is placed on the shelf midway between the chains, with its 
center of gravity 10 inches back from the front edge. With this symmetri- 
cal arrangement, each chain and each hinge carries half of the total load. 
In order to find the tension in each chain and the reaction at each hinge, 
we can start by isolating one end of the shelf, shown in Fig. 2-11B, and 
„showing all the forces acting on it. 
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FIG.2-11 Resolution of force vectors 7 and W into components at right angles to each 
other. : 


Forces W and T can be dealt with quite easily if we break them up 
into rectangular components as shown. From the given dimensions, 
we can see that the pull of the chain is along the hypotenuse of a 3-4-5 
triangle, which is a right triangle whose smallest angle is about 37°. As 
seen from the drawing, the sine of this angle is 3 and the cosine, 4. 
Figure 2-11B shows us (forces up — forces down and forces left — 
forces right) that W, + 0.6T = 10 + 20 and that W, = 0.87, but 
this is not enough information to let us solve for any of the three 
unknowns. For further information we must turn to torques. Because 
the shelf is stable and stationary, it is not turning about any axis what- 
ever; this means that around any axis we choose, the sum of the clock- 
wise torques must equal the sum of those acting to turn it in a counter- 
clockwise direction. Since we are thus free to choose any axis we like, 
let us exercise this choice intelligently to save as much work as we can. 
A look at Fig. 2-11B tells us that it will be to our advantage to choose 
point O, the hinge, since three of our four force components pass through 
O and thus have zero torque about it. Therefore, setting the torques 
tending to turn the shelf clockwise about O equal to those acting in a 
counterclockwise direction, we have 


10 x 20 + 20 x 30 = T, x 40 
so that 
24 T, = 201b 
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and 


Substituting this value back into the force equations, we get 


W, — 101b 
and 
W, = 26.7 lb. 


If we also want the direction of the hinge reaction, we see that tan 0 — 
W,/W,, = 0.375, and so 0 = 20.55°. 


So far, we have ignored one of the most important classes of forces in the 
world—the forces of friction. We all realize that if it were not for the. 
friction between our shoes and the floor, we could not walk; cars move 
and stop only through the forces of friction between tires and road. 
(We are reminded of this in winter when roads are icy and these fric- 
tional forces very small.) Experiment shows that the frictional force 
between any two sliding surfaces is directly proportional to the force 
with which the surfaces are pressed together. The proportionality con- 
stant is called the coefficient of friction between the surfaces, and in most 
textbooks is assigned the symbol y (the Greek letter mu), so that 


F, = ux F. 


The value of x depends on the materials that are sliding and is only 
very slightly affected by other factors, such as speed or contact area. 

Let us take an iron block 2 in. by 3 in. by 6 in. and slide it along a 
concrete walk. The weight of the irori block is about 10 pounds, and the 
coefficient of friction is close to 0.3. From this we can compute that the 
force needed to drag the iron block will be 10 x 0.3 = 3 pounds. We 
will find that it makes almost no difference whether the iron block 
stands on end or lies flat on the walk; and whether we move it along 
rather slowly or at a higher speed, it will still take a 3-pound pull (see 
Fig. 2-12). 

A simple experiment that demonstrates the action of friction can be 
carried out with a ruler or a golf club. Take a ruler and support each 
end by your index fingers. Now move you hands closer and closer 
together and note that the stick will slide over your right finger, then 
over the left one, then over the right, then over the left again, etc. Finally, 
when your two fingers come together, the ruler will still be in equilib- 
rium, and its middle point (which in this case, of course, is the center 
of gravity) will be located between the two fingers. If you repeat the 


FIG. 2-12. The position of the block has no effect on the force of friction, which depends 
only on the nature of the surfaces and the force pressing them together (here, the weight 
of the block). 


same experiment with a golf club, which has a heavy piece of iron fas- 
tened to one end, you will find that the center of gravity is located 
closer to the heavy end of the club. The alternating sliding of the ruler 
or the golf club over your fingers is caused by the fact that the friction 
force between any two objects sliding on one another is larger the more 
strongly they are pressed together, and by the fact that the finger located 
closer to the center of gravity is supporting the larger fraction of the 
total weight of the ruler or the club. The object will always slide on 
the finger supporting the least weight, which is the one farthest from the 
center of gravity. As the golf club slides first on one finger and then on 
the other, its center of gravity will always remain between them. 

As another example, consider a man climbing a 40-lb, 13-ft ladder 
with its base 5 ft out from a smooth vertical wall, as shown in Fig. 2-13A. 
What must be the coefficient of friction between the foot of the ladder 
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and the ground, if the man is to be able to climb to the top without the 
ladder slipping? Figure 2-13B isolates the ladder, and shows all of 
the forces acting on it. Because the man is to be able to climb to the 
top, with the ladder then still just barely in equilibrium, the man's 
weight of 180 Ib is shown at the top. The wall is smooth (u = 0), so there 
can be no frictional force parallel to the wall; the force W must therefore 
be perpendicular to the wall. If we assume the ladder to be uniform, its 
40-Ib weight acts at its center. The push of the ground G is unknown in 
both direction and magnitude, and it will be convenient to break it into 
its components G, and.G,. From Fig. 2-13B we can immediately write 


G, = 40 + 180 = 220 and G, = W. 


The best choice for the axis around which to calculate torques is the 
base of the ladder. Around this axis, the two unknown forces G, and Ga 
both have zero torque and are thus eliminated from the equation: 


40 x 2.5 +180 x 5 = W x 12 
or 
W = 83.3 lb. 


FIG. 2-13 Forces and torques acting on an inclined ladder. 


FIG. 2-14 The oblique force P both pulls the box along and reduces the force with which 
the box presses against the floor. 


This value, substituted back into the force equations, gives us 
G, — 83.3 Ib. 


The coefficient of friction at the base of the ladder cannot be less than 
G,/G,, or 0.38, if the man is to climb safely to the top. The tangent of 
¢, the angle at which the push of the ground is inclined from the vertical, 
is also 0.38, which makes à = 20.8°. The quantity G can be determined 
as 


Paap G, Gr 

Gr + Gi or cos ó ud sin ó* 
all of which give G — 235 lb. 

A little more complicated example is shown in Fig. 2-14, which shows 

a box being dragged along the floor by a rope that makes an angle of 
30? with the floor. Let us say that the box weighs 500 Ib and that its 
coefficient of friction with the floor is 0.25. How hard will the man have 
to pull? Since the pull of gravity W is vertical and the reaction between 
the floor and the box can be considered in terms of its vertical and hori- 
zontal components R and Fy (friction) and the motion of the box is 
horizontal, it would seem a good idea to break the oblique pull P into 
vertical and horizontal components also. This gives us 


P, = P sin 30° = 0.5P 
and 
P, = P cos 30° = 0.866P. 
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In order to keep the box sliding along the floor, P, need be only equal 
to the retarding force of friction F;,. This frictional force is 0.25R. 
(NOT 0.25W! P, helps lift the box upward so that R = W — P,.) 
We can now write quite simply 


P, = Fa 
= 0.25R 
= 0.25(W — P,). 


From this, we get 
0.866P = 0.25(500 — 0.5P) 


= 125 — 0.125P 
or 
. 0.991P = 125 
and 
P = 126.1 lb. 


Liquids do not have a definite shape of their own and readily assume the 
shape of any vessel they are poured ir to. But in doing so, a liquid retains 
its total volume and a gallon of water will remain a gallon whether it 
is poured into a flat dish or into a tall, narrow container. 

Consider water in a cylindrical glass. Because of its weight, the water 
exerts a force on the bottom of the glass, a force the same as that which 
would be produced by a cylindrical piece of ice if the water were frozen 
and the glass walls removed. This force is distributed over the entire 
bottom of the glass so that each square centimeter of the area of the 
bottom carries its own equal share of the load. This force per unit area 
is called the pressure P, equal to the total force divided by the area over 
which it is exerted: 


F -— PA and pud 
A 


All equations must be equations in every sense of the word—not only 
must the numerical values be the same on both sides, but so must the 
dimensions, ór units in which the various quantities are measured. 
If, for example, we have a pressure of 10 Ib/in? exerted on a surface 
whose area is 3 ft^, we would get the following for F: 


F = PA = — x 3f? = = 22? 


10 Ib 
in? 


30 Ib-ft? :j 
in? 


These units tell us nothing at all, and we see that in order to get a 
sensible answer we must either convert the in? into ft^ or vice versa. 


FIG. 2-15 Each square foot of the bottom of the tank supports a column of liquid that 
weighs ^d pounds. This pressure (hd) times the area of the bottom (ab) gives the total 
force on the bottom (abhd). 1 


If we do this, we can then cancel the area units in the numerator with the 
similar ones in the denominator and come out with a reasonable answer 
of so many pounds. Let us choose to convert the area into square inches: 
Since there are 12? = 144 in? per ft?, the area is 3 x 144 = 432 in’, 
and we have 


x 432 in? = 4320 Ib. 


10 Ib 
p 
am 


Or, if we prefer, we can convert the pressure: Since P — 10 Ib/in? 
means that there is a force of 10 pounds on every square inch, the force 
on each square foot will be 144 times as great, and the pressure can 
be expressed as 10 x 144 = 1440 Ib/ft^. Then 


F= B x 34 = 4320]b as before. 


Figure 2-15 represents a tank, and shows an imaginary column of 
liquid 1 ft square and extending A ft from the bottom to the top surface 
of the liquid. The volume of this column is h ft?, and its weight will be h 
times the weight of a single cubic foot. This latter quantity, the weight of 
1 ft? (or 1 cm? or 1 m?) of any substance, is the density of the substance. 
and we can let it be represented by the letter d. The weight of the column 
is thus 4d pounds, and this weight is supported by 1 ft? of the bottom. 


on 
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Since force per unit area is what we mean by pressure, we can use this 
general formula for the pressure at any depth in a liquid: i 


P — hd. 


If the tank is, say, 5ft x 8 ft in size, and is 4 ft deep, filled with oil whose 
density is 55 Ib/ft?, we have for the pressure 


P = hd = Aft x 551b/ft? = 220 Ib/ft?. 
For the total force on the bottom of the tank, we have 
F = PA = 220 lb/ft? x 5ft x 8 ft = 8800 Ib. 


We used the bottom of the tank in making our calculation, but the 
same arguments will hold for the pressure at any depth. Here too, as 
in any quantitative work, we must keep our eyes on the units. As an 
example, we can calculate the pressure due to the overlying water at the . 
bottom of the ocean at a depth of exactly 2 mi. The density of sea 
water is 64.0 Ib/ft?, and if we merely substitute in the equation, we have 


. .64lb  128]b-mi 
ipei hd: 92 ml soe cen rrr 
PUNCE fe 


FIG.2-16 The pressure in vessels of different shape is the same at equal depths of the 
fluid in them. 
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which makes as little sense as force expressed in Ib-ft?/in.?. But if we 
convert the 2 mi into 2 x 5280 — 10,560 ft, the answer will be perfectly 
reasonable: 


64.0 Ib 


P = hd = 10,560 ft x 
edic 


= 676,000 Ib/ft?. 


Water, or any other fluid, since it does not have a rigid shape, cannot 
resist a pressure exerted on it in only one direction, the way, for example, 
a block of steel can when it resists being squeezed in a vise. Instead, 
liquids squash out in all directions and so exert equal pressure in all 
directions. Thus our formula P — /id is equally useful in calculating the 
pressure against the wall of a container at any depth, no matter at what 
angle the wall happens to be. For this reason, the shape of the container 
makes no difference. In Fig. 2-16, if both vessels are filled with a liquid 
of density d, the pressure at the bottom is /,d for both, and at the points 
marked A the pressure in both is zd. 


Since the pressure on any small piece of a fluid is the same in all 
directions, amy increase of pressure on a fluid in a closed container 
will be transmitted equally to every part of the fluid. This basic law 
was discovered by the French physicist Blaise Pascal (1623-1662) and 
carries his name. Imagine a closed vessel with two vertical cylinders 
of different diameters protruding from its upper part (Fig. 2-17). These 
cylinders are fitted with pistons that can be loaded with various numbers 
of heavy weights. If we place one weight on the piston in the narrower 


FIG. 2-17 A demonstration of Pascal's Law. 


A "FORT ORG i" 
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* cylinder, it will produce a pressure within the liquid, and this same 
pressure will be transmitted to all parts of the vessel, including the surface 
of the larger piston. Since, however, the area of that piston is larger, 
the total force acting on it will be larger, too. In the example shown in 
Fig. 2-17, the cylinder on the right is twice as large in diameter, so the 
areas of the two pistons stand in the ratio of 4 to 1. Therefore, since the 
total force of hydrostatic pressure acting on the right piston will also be 
four times larger, we must place four weights on it to maintain the equi- 
librium. The principle described above forms the basis of the hydraulic 
press in which the pressure created within a liquid by a comparatively 
small force acting on a small piston exerts a much stronger force on 
another piston of considerably larger diameter. 


We turn now to the important subject of solids immersed in fluids. 
Everybody knows that a piece of wood will float in water because its 
density is smaller than that of water (i.e. it has less weight per unit 
volume) and that a piece of metal will sink because its density is greater. 
Although a solid metal object will not be entirely supported by water 
and so will sink to the bottom, the fact that it is submerged in a fluid 
will diminish its apparent weight. 

Figure 2-18 shows a rectangular block of metal suspended from scales 
on a string, first in air and then submerged in a container of some liquid 
whose density is d g/cm?. We should not be surprised to notice that the 
scale reading when the block is submerged is less than the reading when 


FIG.2-18 A block weighed in air (A), and weighed when submerged in a tank filled 
with liquid of density d (B). 
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it hangs freely in the air. Apparently the liquid is exerting an upward 
buoyant force so that the string has to hold less than the actual weight. 
Let us figure out what we might expect. 

In Fig. 2-18B, there is a downward pressure equal to /id on the top of 
the block. So the total downward force on the top is F = PA = hd x 
ab — hdab. But there is also an upward pressure against the bottom of the 
block; the bottom is of course submerged deeper than the top and is 
h + c em below the water surface. The upward pressure is thus (h + c)d, 
and the upward force is (h + c)d x ab = hdab + cdab. The buoyancy 
is the difference between the larger upward force and the smaller down- 
ward force: 


Buoyancy = Fy, — Fay, 
hdab + cdab — hdab 
cdab = d x abc 


density of fluid x volume of fluid displaced 


ll 


weight of fluid displaced. 


Although we have worked this out for a rectangular block, the result 
applies to an object of any shape and leads us to 


Archimedes’ law: Any body, either wholly or partly submerged in a 
fluid, is buoyed up with a force equal to the weight of the fluid displaced. 


This famous law was discovered by Archimedes, who (as the story 
goes) thought of it while sitting in a bathtub and then, in his excitement, 
rushed wet and naked through the streets of Alexandria, shouting 
“Eureka!” (“I have found it!") The populace of the city was not im- 
pressed by the great discovery, however; undoubtedly they thought he 
had merely found a missing cake of soap in the tub. Whether the above 
account is true or not, a more credible story is that Archimedes used 
this law while checking the authenticity of a golden crown that was 
suspected of being made of a gold-plated cheap metal rather than pure 
gold. He had to determine its worth without breaking or scratching its 
surface so he weighed it when it was suspended on a string in a basin of 
water and then compared the result with its normal weight. Let us 
imagine that the crown weighed 2700 g* normally and that when it 


* The student should be warned at this point that giving the weight of an object in grams 
is not technically correct. Weight is a force—roughly, the pull of gravity on the object; 
mass (as given in Chapter 1) is a measure of the quantity of matter in the object. Different 
units are used for force and for mass. As we will see in Chapter 3, in many relationships, 
mass and weight must (repeat: must) each be measured in the strictly proper unit. In this 
example, however, this distinction is not necessary. It will be helpful if, in this section, you 
take the word “gram” to mean “the weight of a gram.” 


35 
Bodies at Rest 


(2-2) 


(2-3) 


was submerged in water, it appeared to weigh only 2560 g. The crown's 
loss of weight was 2700 — 2560 — 140 g and was due to thé buoyant 
effect of the water, which, by Archimedes’ law, was just the weight of 
the water the crown displaced. The density of water is exactly 1 g/cm?, 
so the volume of water displaced by the crown equaled 140 cm?, which 
was, of course, also the volume of the crown. Since density equals weight 
divided by volume, we can figure the density of the crown as 2700/140 = 
19.3 g/cm, which is just the density of gold, and so Archimedes 
declared the crown-maker to be an honest man. 

Archimedes’ law applies also, of course, to floating objects only par- 
tially submerged in water. In this case, the weight of a floating object, 
such as a ship, is the same as the weight of the water it displaces. 

We can try another example, a bit more complicated. Suppose a 
200-g stone weighs 140 g when submerged in water and 150 g when 
submerged in oil. Because the stone loses 60 g in weight when it is in 
water, it must displace 60 g of water and its volume is therefore 60 cm?. 
This gives a density of 200/60 = 3.33 g/cm? for the stone. In the oil, 
the 60-cm? stone loses only 50 g of weight so 60 cm? of oil must weigh 
50 g and the density of the oil is 50/60 = 0.83 glcm?. 


Questions 


1. A steel rod weighing 47 Ib is supported at its midpoint by a clamp. What 
upward force does the clamp exert on the rod? 

2. A board weighing 35 Ib is balanced at its midpoint on a pivot. What upward 
force does the pivot exert on the board? 

3. A mechanic hangs two buckets on the rod of Question 1. One bucket, 
weighing 80 Ib, is hung 3.5 ft from the clamp; the other bucket is placed 5.0 ft 
on the other side of the clamp, and weighs 56 Ib. (a) Is the rod still in balance 
on the clamp? (i.e., do the two buckets exert equal and opposite torques about 
the clamp?) (b) What total upward force does the clamp exert on the rod? 

4. Two children use the board of Question 2 as a seesaw. A girl weighing 
60 Ib sits 6 ft from the pivot; a 72-Ib boy sits 5 ft from the pivot. (a) Is the 
seesaw still in balance? (i.e., do the two children exert equal and opposite 
torques about the pivot?) (b) What total upward force does the pivot exert 
on the board? d 

5. Calculate the torque on the rod of Question 3 about the point where the 
80-Ib bucket is hung. Does X t = 0 about this point? 

6. Calculate the torque on the plank of Question 4 about the point at which 
the boy is sitting. Does E t = 0 about this point? 

7. An irregular steel bar 18 ft long weighs 200 Ib. Its center of gravity is 8 ft 
from one end. A support is placed under each end. What weight is held by 
each of the supports? 

8. A tapered pole 12 ft long weighs 48 Ib, and balances at a point 4 ft from 
one end. Two men (one at each end) now lift the pole. How much force does 
each of the men have to exert? 
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9. At a highway checkpoint, the front wheels of a truck are driven onto plat- 
form scales, which read 3600 Ib. The truck moves forward so its rear wheels 
(only) are on the scales, which now read 6200 Ib. Where is the center of gravity 
of the truck? (Its front and rear axles are 12 ft apart.) 
10. Each end of a tapered pole 8 ft long is hung from a spring balance. The 
balances read 6 Ib and 15 Ib, respectively. Where is the center of gravity of 
the pole? 
11. A tapering bamboo pole is 6 ft long and weighs 10 Ib. It is found to 
balance at a point 2.5 ft from the large end. How much weight must be hung 
from the small end of the pole to make it balance at its midpoint? 
12. A man has caught a large fish that he wishes to weigh. He has two Spring 
scales, each able to weigh up to 10 Ib, but the fish weighs more than 10 Ib. So 
he takes a light stick 3 ft long, suspends each end of the stick from one of the 
scales, and hangs the fish on the stick, The two scales now read 6 Ib and 8 Ib, 
respectively. (a) What does the fish weigh? (b) At what point on the stick did 
he hang the fish? (c) If he had hung the fish from a point on the stick just 1 ft 
from one of the scales, what would each of the scales have read? 
13. Figure 2-13 sketches the forces around the foot of a 200-Ib man standing 
on the toes of one foot. (a) What is force W? (b) Assume the downward thrust 
of the tibia and the upward pull of the gastrocnemius muscle are both vertical. 
(The fibula contributes little here and is omitted from the sketch.) Calculate 
T and G. 
14. Figure 2-Q14 shows a normal 165-Ib man and an obese 270-lb man. 
The circled sketch to the left is a very schematic diagram of the forces involved 
in the lower back. W is the part of the body weight supported by the lower 
back, assumed to be two-thirds of the total, acting at the CG as indicated. 
V is the compressive force acting on one particular vertebra, and M is the pull 
of the back muscles, keeping the back from bending under the weight it 
supports. The details of the attachments of W and M are not shown. Assume 
M, V, and W are all vertical. Calculate M and V for each man. 
15. Look up the following: cos 19°, sin 58°, tan 27°, sin 37°, tan 11°, cos 71°. 
6. Look up the following: sin 23°, tan 87°, cos 60°, tan 30°, sin 60°, cos 43°. 


c Gostrocnemius 


FIG. 2-013 T es 
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distance MV —2 in. 2% in. 
distance VW — 3in. 6 in. 
FIG. 2-014 weigh W = 110 Ib. 180 Ib. 


47. A vector 30 units long points 30? north of east. Calculate (a) its northerly 
component and (b) its easterly component. 

18. As the crow flies, Smithville is 26° south of west from Jonesville and is 
35 mi distant. Smithville is (a) how far south of Jonesville? (b) how far west? 
19, Given three vectors: a = 10 units 15° south of east, f = 25 units 37° 
east of north, y = 20 units 18° west of south. (a) Add the vectors graphically in 
at least two different ways, such as R= a+ + y and R — fl - y a. 
(b) Break a, f, and y into their N-S and E-W components, and add these 
components to find the N-S and E-W components of the resultant. 

20, Given the following three vectors: A = 5 units north, B = 10 units 
30° east of south, and C = 10 units 45° east of north. (a) Choose some con- 
venient scale, and add the three vectors graphically in at least two different 
ways, such as R = A + B + C and R= C + A + B. (b) Break A, B, and 
C into their N-S and E-W components, and add these components to find the 
N-S and E-W components of the resultant. = 

21. What is the magnitude and direction of R in Question 19? 

22, What is the magnitude and direction of R in Question 20? 

23, Two tractors are attached to a stump. Because of the terrain, one tractor 
must pull in a direction 30° north of east, and the other 37° east of south. 
Assuming each tractor can exert a pull of 5000 Ib, in what direction will the 
stump move, and what total force will be exerted on it? 


24, A charged particle moves in a region where it is influenced by two electric 
. fields: Field A exerts on the particle a force of 2.80 x 10716 newton in a 


direction 29? east of south; field B, a force of 1.40 x 107!5 newton directed 
34? north of east. What is the total force on the particle, and in what direction 
does it act? 
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FIG. 2-025 


25. A horizontal strut of negligible weight is supported by a wire brace as 
shown in Fig. 2-Q25. The suspended "weight is 300 Ib, and the wire brace 
makes an angle of 37^ with the strut. What is (a) the tension in the wire? 
(b) the compressional force on the strut? 

26. A 250-Ib weight is suspended from a horizontal strut supported by a wire 
brace, similar to the arrangement of Fig. 2-Q25. The angle between wire brace 
and strut is 30°, and the weight of the strut is negligible. Calculate (a) the 
tension in the wire and (b) the compressional force on the strut. 

27. A uniform horizontal 10-ft strut (whose center of gravity is therefore at its 
midpoint) weighs 80 Ib. It carries a 120-Ib load and is supported by a guy wire, 
as in Fig. 2-Q27. (a) What is the tension in the guy wire? (b) What are the 
horizontal and vertical components of the push of the wall against the strut? 
28. A uniform 8-ft strut supported by a guy wire supports a 120-Ib load in 
an arrangement similar to that of Fig. 2-Q27. The strut weighs 80 lb, and the 
load is suspended from a point 5 ft from the wall. The angle between strut and 
wire is 26°. (a) What is the tension in the wire? (b) What are the horizontal and 
vertical components of the force exerted by the wall on the end of the strut? 
29, Figure 2-Q29 shows a 20-lb weight held in a hand on a horizontal out- 
stretched arm. The arm is supported largely by the pull of the deltoid muscle. 
Using the dimensions on the sketch, calculate (a) the resulting tension in this 
muscle and (b) the total reaction S at the shoulder. (The 18-lb load shown 
represents the weight of the arm itself, acting at the CG of the arm.) 


39 


Bodies at Rest 


FIG. 2-027 


30. Figure 2-Q30 shows a man bending over to pick up a 50-Ib weight. On 
the diagram, the additional 40 Ib at S represents the weight of the head and 
arms; at T, the 80 Ib is the weight of the trunk of the body acting at its CG. 
In this very simplified arrangement, calculate (a) the tension in the erector 
spinae muscles and (b) the total resultant force of the pelvis against the base 
of the spine. (This problem may suggest why physicians recommend that such 
loads be picked up by the leg muscles, with the spine erect.) 


FIG. 2-029 
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FIG. 2-030 


A body is acted on by three forces;'as shown in Fig. 2-Q31. The body is 
not in equilibrium, but it is possible to add one force that will hold it in 
equilibrium. What is the magnitude and direction of this force, and where on 
the body must it be applied? 

32, A body is acted on by three forces, as shown in Fig. 2-Q32. The body is 
not in equilibrium, but it is possible to add one force that will hold it in equi- 
librium. What is the magnitude and direction of this force, and where on the 
body must it be applied? 

(2-6) 33, ^ heavy machine is being shoved into position by a jack that applies a 
horizontal force to it. The machine weighs 7000 Ib, and the coefficient of 


friction between its base and the floor is 0.35. How much force must the jack 
exert? 


FIG. 2-031 


10 Ib 


41 
Bodies at Rest 


(2-7) 


FIG. 2-032 


34. A box weighing 120 lb requires a horizontal force of 25 Ib to drag it 
across a level floor. What is the coefficient of friction between the box and 
the floor? 

35. Would the experiment with the golf club on the fingers have the same 
outcome if the shaft were covered with fine sandpaper from the center of 
gravity to the end of the handle and the other end were smoothly polished? 
Explain. 

36. In the experiment bracketing the center of gravity of the golf club between 
fingers, would the outcome be the same if one wore a smooth silk glove on 
the left hand, and a rough leather glove on the right? Explain. 

37. A man stands at the midpoint of a 20-ft ladder that leans against a smooth 
vertical wall. The coefficient of friction between the bottom of the ladder and 
the floor is 0.20. How far out from the base of the wall may the foot of the 
ladder be placed, if it is not to slip? (Neglect weight of ladder.) 

38. In order to frisk a suspect, the police have him lean forward with his arms 
horizontal and his hands against a smooth wall. His hands are greasy, so there 
is no friction between hands and wall. The coefficient of friction between his 
shoes and the floor is 0.40, and his center of gravity is midway between his 
shoulders and his feet. What is the minimum angle @ between the suspect's 
straight body and the floor that can be allowed without the suspect falling? 
39. A man slides a 200-Ib box along a floor (# = 0.30) at constant speed, 
with a push directed 37° down from the horizontal. How hard must he push? 
40. A reluctant 120-Ib dog (u = 0.50) is pulled along a path by a rope making 
an angle of 40? with the horizontal. How strong a pull is required? 

41. As given in the text, the density of water is very nearly 1 g/cm?. What is 
its density in Ib/ft?? 

42. Knowing the density of water in g/cm? and Ib/ft? from Question 41, 
calculate the density in Ib/ft? of the oil and mercury mentioned in Question 46. 
43. A piece of iron 6.0 cm x 12.0 cm x 15.0cm has a mass of 8.42 kg. 
What is the density of the iron in g/cm?? 

44, The density of copper is 8.90 g/cm?. What is the mass of a block of 
copper 4.0 cm x 5.0cm x 10.0 cm? 
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45, (a) A bottle weighs 213 g, and has an internai volume of just 800 cm?. The 
bottle is filled with oil, and is then found to weigh 861 g. What is the density 
of the oil? (b) If you did not know the volume of the bottle, what would be an 
easy and accurate way of finding it? 

46. A volumetric flask holds exactly 200.00 cm? and weighs 230 g empty; 
What would it weigh when filled with (a) water? (b) oil, of density 0.82 g/cm?? 
(c) mercury, of density 13.6 g/cm?? 

47. A swimming pool 15 ft x 30 ft is 10 ft deep and filled with seawater 
(density = 1.03 g/cm?). (a) What is the density of seawater in Ib/ft?? (See 
Question 41.) (b) What is the pressure on the bottom of the pool? (c) What is 
the total force on the bottom of the pool? 

48. A cylindrical storage tank 4 ft in diameter is filled to a depth of 8 ft with 
oil whose density is 0.90 g/cm?. (a) What is the density of the oil in Ib/ft?? 
(See Question 41.) (b) What is the pressure on the bottom of the tank? (c) What 
is the total force on the bottom of the tank? E 

49, The bottom 15 cm of a vertical glass tube 125 cm long is filled with 
mercury; the tube is then filled to the top with carbon tetrachloride (density 
1.59 g/cm?). What is the pressure at the bottom of the tube? 

50, A tank 5 m high is half filled with water and then is filled to the top with 
oil of density 0.85 g/cm?. What is the pressure at the bottom of the tank due 
to these liquids in it? 


51, In a hydraulic jack, the piston that raises the load is 3 inches in diameter; 
the operating force is applied to a piston 0.5 inch in diameter. How many 
pounds of force must be applied to raise a load of 6 tons? 

52 A hydraulic jack has a piston 0.5 cm in diameter on which a force is 
applied, and a piston 6 cm in diameter that raises a load. How much force 
must be applied to lift a load of 2000 kg? 


53, A stone weighing 750 g appears to weigh only 500 g when submerged in 
water. (a) What is its loss in weight? (b) What is the upward buoyant force on 
the stone? (c) What weight of water does the stone displace? (d) What is the 
volume of this amount of water? (e) What is the volume of the stone? (f) What 
is the density of the stone? 

54. A stone weighing 250 g appears to weigh only 150 g when submerged in 
water. (a) What is the volume of the stone? (b) What is the density of the stone? 
55, A 1520-g metal bolt appears to weigh 1202 g when submerged in carbon 
tetrachloride. (See Question 49.) (a) What is the volume of the bolt? (b) What 
is its density? 

56. ^ metal block weighing 3000 g appears to weigh only 2600 g when sub- 
merged in oil of density 0.80 g/cm?. (a) What is the volume of the block? 
(b) What is its density? 

57. In order to find the density of some oil, a piece of metal is weighed in air 
(300 g), then in water (200 g), and then in the oil (220 g). (a) What is the volume 
of the piece of metal? (b) What is the density of the metal? (c) What is the 
density of the oil? 

5g. In order to find the density of some acid, we first weigh a glass stopper in 
air (250 g), then in water (150 g), and then in the acid (125 g). (a) What is the 
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volume of the stopper? (b) What is the density of the stopper? (c) What is 
the density of the acid? 

59. A block of wood floats on oil (density 0.80 g/cm?) with 60 percent of its 
volume submerged. What is the density of the wood? 

60. A block of wood (density 0.60 g/cm?) floats on water. What fraction of 
the volume of the block is submerged? 

61. A boat loaded with logs of light wood (density less than 1 g/cm?) floats 
in a swimming pool. À man in the boat throws the logs overboard. What 
happens to the water level of the pool? Explain. 

62. If a boat loaded with rocks floats in the middle of a swimming pool and 
a man in the boat throws the rocks overboard, what will happen to the water 
level of the pool? Explain. (At a scientific meeting, this question was put to 
Dr. Gamow, the physicist J. Robert Oppenheimer, and Nobel prize-winner 
Felix Bloch. All three of them, not thinking too carefully, gave the wrong 
answer!) 

63. Air is a fluid (as all gases are), and Archimedes' principle applies to 
bodies in air as well as to those submerged in liquids. A man needs a very 
precise value for the weight of a plastic cube exactly 10 cm on a side. On an 
accurate balance, he balances the cube on one side against 2980.2 g of brass 
weights (density 8.60 g/cm?) on the other side. What is the weight of the plastic? 
(Take the density of air as 1.30 x 107? g/cm?.) : 
64. A balloon with a volume of 3000 m? is filled with helium, which has a 
density of 1.80 x 1074 g/cm?. Assume the density of air to be 1.30 x 107? 
g/cm}. (a) Calculate the pull on the mooring rope if the empty and collapsed 
balloon plus all its equipment weighs 1600 kg. (b) What would the pull be if 
the balloon were filled with hydrogen instead of helium? (The density of 
hydrogen is about 9 x 1075 g/cm?.) 


‘3-1 
The Measurement 
of Motion 


A 
In order to investigate the behavior of moving bodies, we must first 


analyze the general idea of motion itself. What properties or charac- 5 


teristics of motion can we measure or calculate to help us describe the 5 


behavior of a moving body? The distance traveled and the time required 


to travel the distance are two obvious factors, and the idea of average 
speed is one that our own traveling has made familiar to all of us: If it 
takes 5 hours to drive to a city 200 miles away, our average speed is 200 
miles/5 hours — 40 mi/hr. Without thinking of it, we have made use of 
the relationship í 


where the letter v stands for speed. Multiplying both sides of this equa- 
tion by f, we get 
d= vd- 
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If we average 30 mi/hr, in 4 hr we travel a distance of 30 mi/hr x 4hr — 
120 mi. : 

It is obvious that v,, alone tells us nothing about the speed at any 
instant during the time interval we have considered. A car slows, stops, 
and speeds up again many times during a four-hour trip and we must 
have some way of taking into account the way in which the speed of a 
body changes if we want to describe its motion properly. In order to do 
this, we make use of the idea of acceleration, which is defined as the rate of 
change of velocity. ’ 

So far we have been talking about the speed of a moving body—why 
do we instead use the word velocity when we define acceleration? In 
ordinary conversation, we generally use “speed” and “velocity” inter- 
changeably, but the physicist gives somewhat different meanings to 
the two words. Speed refers only to the rate at which distance is covered, 
without regard for direction; velocity includes both speed and direction, 
A car going north at 40 mi/hr has the same speed as a car going east at 
40 mi/hr, but their velocities are different because the directions are 
different. When we need to make this distinction, speed is a scalar, and 
velocity is a vector. 

Later on, when we discuss rotating bodies and bodies moving in curved 
paths, we will see that a change in direction represents as real an accelera- 
tion as a change in speed; for this reason, acceleration is defined as the 
rate of change of velocity, which includes both. For the present, however, 
we will not consider changes in direction, so that our velocity changes 
will be only changes in speed. 

If we step on the gas pedal of a car, the speed of the car will change— 
for example, from 5 mi/hr to 40 mi/hr in 10 s. Put into mathematical 
form, our definition of acceleration is 


(The Greek capital letter A—delta—is the mathematician’s abbreviation 
for “the change in.") 
Substituting our figures into this equation, we get 


ie 40 mi/hr — 5 mi/hr _ 35 mi/hr _ 3.5 (mi/hr)/s 
10s 10s 


which is to say that in each second the speed has increased by 3.5 mi/hr. 
These are somewhat clumsy (although perfectly proper) units and accel- 
eration is more often given in ft/s/s, abbreviated ft/s? (or cm/s?, or 
m/s’). 

If a body starts from rest, moving with a constant acceleration of a 
ft/s”, at the end of 1 s it will have a velocity of a ft/s; at the end of 
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FIG. 3-1 Time vs. velocity for uniformly accelerated motion. 


2 s its velocity is 2a ft/s, and so on. We can write this in a general form: ^ 


v, — at, 


where v, is the velocity at the end of t seconds. 
Figure 3-1 is a graph of this relationship for a numerical example. 
Velocity (or speed) has been plotted against time for a uniformly accelera- 


-ted motion, starting from rest—that is, v = 0 at f = 0. Since the 


increase in velocity is the same for each second, the graph is a straight 
line. At t = 6 s, v is 30 cm/s, and we have, from v, = at, 


30 cm/s = a x 6s 


30 cm/s 
= 
6s 


=5 cm/s’. 


'— “In a straight-line relationship such as this, the average velocity Vav 


during any time interval is equal to the velocity at the middle of the 
interval. This average velocity (starting from rest) is just half the final 
velocity. On the graph, the vay is 15 cm/s, just half of the final velocity of 
30 cm/s, which we know to be v, = ar. For this case, then, vay = fat. 

To get the distance d that the body will have moved, we need only 
multiply this average speed by the time. (A car averaging 40 mi/hr will 
go 200 mi in 5 hr.) We can now write 


d — v, x time = dat x t = 4at?. 


By eliminating the time from the two equations we already have, we 
can get a third relationship. We know v, = at, and solving for. t we get 
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t = v;a so that t? = v?[a^. Now we can substitute this value for t? in the 
equation d = Jat?: : 


1 DAT ne 
d=—-xax—=— 
2 a 2a 
and 
v? = 2ad. 


So far, we have developed equations of motion that can be used 
only when the accelerated motion starts from rest. These will be much more 
useful if we can extend them to include bodies that are originally moving 
with a velocity we can call v,. 

The equation v, = at tells us how much the speed has increased 
because of the acceleration. This amount needs only to be added to the 
original speed, and we have 

V =V, + at 
for this more general case. 

The next equation, d = 4at?, gives the distance covered because of the 
acceleration; if the body were originally moving at the speed v, in t 
seconds it would have gone a distance v, without any acceleration. By 
adding these together, we find 


d= vt + Jat?. 
In a similar manner, our last equation becomes 
v? = v2 + 2ad. 
Let us tabulate these equations, with a comment on each: 


l- vo, =v, + at (does not include the distance) 
2. d=v,t + łat? (does not include the final velocity) 


3. v? = v? + 2ad (does not include the time). 


Which one (or ones) we want to use will depend on what data we have 
given in a problem and what answer we are trying to find. For example, 
what is the acceleration of a car that goes from a speed of 20 ft/s to 
80 ft/s in 15 s? We know »,, v, and t; we want to find a. The first 
equation includes these items so we write 


80 = 20.+ 15a 
15a = 80 — 20 = 60 
ge S sana. 


15 
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3-2 
The Cause of 
Motion 


We might now want to find out how far the car moves during this 
period of acceleration. Since the acceleration is now known, we can use 
the third equation: 


(80)? = Q0? -2x4xd 


(Can you get this same answer in another way?) 

In this example, the acceleration, the velocity, and the distance have 
all been in the same direction. Often, however, this is not the case, and 
we must carefully watch + and — signs. Consider a car traveling north 
at 30 m/s. The driver applies the brake and reduces his speed by 5 
m/s each second. This rate of reducing speed is deceleration, which 
subtracts from his speed rather than adds to it. It is actually accelera- 
tion toward the south. If we choose + to indicate vectors pointing north, 
the acceleration will be negative: a = —5 m/s?. To find how long it 
will take him to stop, we may use our original equation 


UV. = V, + at. 
Since v,, the final speed, is zero, we find 


0 = +30 — St 


or 
t=6s. 


If we had chosen south to be our positive direction, we would have written 


0 = —30+ 5r 
and 
t= 6s. 


Even a baby soon learns that there is some sort of a direct connection 
between force and motion—a push or a pull will often cause things to 
move. Exactly how force and motion are related, however, is not nearly 
so obvious. In fact, the basic ideas concerning motion itself were not 
really investigated until the beginning of the seventeenth century. 
Then the Italian physicist Galileo analyzed the relationships among 
distance, speed, and time, somewhat as we have done in the preceding 
section; he was probably the first man to understand the concept of 
acceleration and to appreciate its importance in the study of motion. 
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3-3 
Mass and Weight 


The year Galileo died in Italy (1642), the great physicist and mathe- 
matician Isaac Newton was born in England. Newton built on the foun- 
dations so well laid by Galileo, and his further studies led him to three 
fundamental laws of motion. 


Newton's first law of motion: A stationary body will remain motionless, 
and a moving body will continue to move in the same direction with un- 
changing speed unless it is acted on by some unbalanced force. 


This law is an expression of the property of matter called inertia, 
which describes its resistance to having its velocity changed in any 
way. The law also recognizes that the velocity of a body can be changed, 
but only by the application of a net force. Let us return to the book 
on the desk, and give it a slight sidewise push. If the push is a gentle 
one, the book does not move. We know why it does not; our push is 
opposed, or balanced, by the equal and opposite force of friction. 
Only if our push exceeds the opposing force of friction does the book 
begin to move. 

The situation is less obvious when we push the book across the desk 
with constant speed in a straight line—in other words, with an unchang- 
ing velocity. In this case also, the force of friction exactly balances, or 
opposes, the force of the push, so that the net force is zero. If we push 
harder, we exceed the force of friction and the book speeds up; if we stop 
pushing, the unopposed force of friction quickly brings the book to a halt. 

All this is well and good, but it does not bring us to grips with the 
main problem: Exactly what happens when the forces on a body do not 
add up vectorially to zero? For many centuries, scientists and philoso- 
phers had missed the point of this question, because they tried in some 
uncertain way to relate the force and the velocity that it presumably 
caused. Galileo almost grasped the point; and Newton grasped it clearly ; 
the direct relationship is not between force and velocity, but between 
force and acceleration. 

Newton's second law of motion: The acceleration given to a body by 
a force applied to it is directly proportional to the force, and is in the 
same direction as the force. If the same force is applied to bodies of dif- 
ferent masses, the accelerations produced will be inversely proportional to 
their masses. 


Before we put Newton's second law into the form of an equation, we 
should pause and give some thought to the meaning of mass, which 
is such an important part of the law. Matter of any kind has two universal 
characteristics: It is pulled by the force of gravity—that is, it has weight— 
and it resists being accelerated—that is, it has inertia. We can use either 
of these. characteristics to measure the mass of a body. 


k made in Boulder, Colo. 
Mark mode in Son Francisco 


ark made on Mr 
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FiG.3-2 A kilogram 
weighs different amounts 
in different locations. 


Weight is something that can be measured directly by means of a 
spring balance. For example, let us take a standard kilogram (a piece 
of metal that the manufacturer has made to be an accurate duplicate 
of the standard kilogram in the vault at Sèvres) and hang it from a 
spring balance. Before we mark the position of the indicator, however, 
we should pause and consider. Suppose we make a mark when we are 
in Boulder, Colorado; then we go to San Francisco, California—here 
(because we are at a lower altitude and are hence closer to the center of 
the earth) the pull of gravity is stronger, the kilogram mass actually 
weighs more, and the mark will be in a slightly different place. Conversely, 
if we take the spring balance and standard kilogram to the high peak of 
Mount Evans in the Colorado Rockies, the weight is less, and we shall 
have to make a third mark (Fig. 3-2). 

Which of these three marks should we choose to be permanently 
engraved? What does the manufacturer of spring balances do? Since 
most of the population lives not far above sea level, he probably marks 
ita little above the San Francisco mark and hopes for the best. The ordi- 
nary spring balance is rather crude and does not pretend to any great 
accuracy. If it is a little off for the customers in Death Valley or in 
Boulder, no harm is done, as the user does not expect precision anyway. 

The point of this discussion is that the kilogram and the gram are 
units of mass and that their weights vary from place to place. If we use 
another, and more common, sort of balance—a platform or an analytical 
balance (Fig. 3-3)—we find that this confusion disappears. Select a stone 
that will exactly balance the kilogram in Boulder. It will also exactly 
balance the kilogram in San Francisco or on Mount Evans, because, 
although the pull of gravity varies from place to place, at any one 
location the pulls on the kilogram and on the stone will always remain 
equal. What we can say from "weighing" of this sort is that the mass of 
the stone is the same as the mass of the kilogram—or, more briefly, that 
the mass of the stone is one kilogram. What the actual weight of the stone 
is we do not know and cannot compute until we have some way of taking 
into account exactly how strong the pull of gravity is at the particular 
location we are interested in. 

In modern commerce and engineering, the pound (unlike the gram 
and the kilogram) is not used as a unit of mass. Instead, its weight at 
45° latitude and at sea level is used as a unit of force. With this defini- 
tion in mind, we can successfully calibrate our spring balance. Take 
a standard pound to Calais, Maine, or Portland, Oregon (both of these 
cities nearly fulfill the requirements for latitude and altitude), hang it on 
the balance and you can confidently mark the indicator position as 
“1 Ib." Now if we take our apparatus to Boulder or Mount Evans, we 
need not be surprised to find that a standard pound does not weigh 
a pound. Actually, the pull of gravity is smaller, and its weight is less 
than a pound. 
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At San Francisco 


At Mt, Evans 


FIG. 3-3 The mass of an object, determined by comparison with a standard mass, is 
the same in all locations. : 


Suppose we were set down in some unknown location and were 
handed a stone from the roadside. With a platform balance and a set 
of calibrated masses (incorrectly called **weights," a misnomer we must 
learn to live with), we could accurately determine the mass of the stone 
in grams or kilograms but would be unable to measure its weight. On 
the other hand, an accurately calibrated spring balance would tell 
us that the weight of the stone was exactly so many pounds but would 
leave us ignorant about its mass, We need some procedure for relating 
mass and weight, and for this we must turn to the other property all 
material objects have—inertia. -o yo 

Newton’s second law states that, (for equal-masses) acceleration is 
proportional to force, and (for equal forces) acceleration is inversely 
proportional to mass. We can write this algebraically as 


dx du 
m 


We have defined length and time units with which to measure a, 
and mass units (the gram and the kilogram) with which to measure m 
in the metric systems. We have a forcé unit (the pound) in the British 
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system. So far we have no force unit in the metric systems, and no mass 
unit in the British system. It would seem to be very convenient if these 
missing units were defined in such a way as to make the proportionality 
constant k equal to 1 in Newton's second law. It also seemed so, to the 
nineteenth-century scientists who then defined them. When we use these 
units, we may write a — F/m, or more usually 


F — ma. 


These specially defined units are indicated in boldface type: 


System Force Mass Acceleration 
CGS dyne gram cm/s? 
MKS newton kilogram m/s? 
British pound slug ft/s? 


One dyne is the force necessary to give a mass of one gram an accelera- 
tion of one centimeter|second?. 

One newton (N) is the force necessary to give a mass of one kilogram an 
acceleration of one meter|second?. j 

One slug is the mass tọ which a force of one pound will give an accelera- 
tion of one foot|second?. 

As an example of the use of these units, let us find what net force is 
needed to bring to a stop, in 2 min, a 200-metric ton* train traveling 
at 24 m/s. If we arbitrarily select the forward direction to be positive, 
the necessary Av is 0 — 24 = —24-m/s. The required acceleration is 
Av/t so a = —24/120 = —0.20 m/s?. The mass (in the MKS system 
we are using) must be in kilograms; m = 200,000 = 2 x 105 kg. Then 


F= ma 


= 2 x 105 x (—0.20) = —4 x 10* N. 


The negative sign on the force in the answer shows it to be toward the 
rear—opposite to the direction we selected to be positive. 

Now consider a car whose mass is 100 slugs. If it can exert a braking 
force of 1600 Ib, how many feet will it travel in coming to a stop from 
a speed of 60 ft/s? We can easily calculate the distance if we know the 
acceleration; since we know both the mass and the force, the accel- 
eration follows simply from Newton's second law: 


F 1600 
F — ma; == = 16 ft/s?. 
ee A m 100 / 


Msg Jesus. me TUM ose Tuc E 
* A metric ton is 1000 kg, about 10 percent more than our English ton. 
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3-4 
Weight and 
Falling Bodies 


Then 
v = ve + 2ad 


VELIS ERU sede ES — in ft. 


e 
ll 


(We have implicitly made the acceleration of braking positive when 
we made the force that caused it positive in the equation above. This 
put the positive direction toward the rear of the car, and the —113 ft 
thus indicates that the car will travel forward 113 ft before it stops.) 

Again, we might deal with an electric field that exerts a force of 
1.8 x 1071° dyne on an electron, whose mass is 9 x 107?° g. Under 
these conditions, what is the acceleration of the electron? 


T US ei ae 


Pa ES 2 x 10'7 cm/s?. 
m x 


F = ma; a= 


The Leaning Tower of Pisa, besides being one of the architectural 
wonders of the world, is also inseparably connected with the history of 
physics because of the part it played in an experiment that was alleged 
to have been performed more than three centuries ago by the famous 
Italian scientist Galileo. From the upper platform of the Tower, the 
story has it, Galileo simultaneously released two spheres, a heavy one 
made of iron and a lighter one made of wood (Fig. 3-4). In spite of a 
great difference in weight, both spheres dropped side by side and hit 
the ground at almost the same moment. 

Is this experimental result of Galileo’s what we should expect? Assume 
that the two balls have masses of 10 kg and 1 kg, respectively. Then the 


. weight of the iron ball is also just 10 times as great as the weight of the 


wooden ball. The weights of the balls are the forces that cause them to 
accelerate downward, so: we come to the conclusion that although the 
iron ball is 10 times more massive, the accelerating force is also 10 
times larger, so that the two balls would have the same acceleration 
and would therefore travel downward side by side. 

Let us follow the idea of falling bodies a little further and measure the 
downward acceleration of a kilogram mass dropped in, say, Eagle 
City, Alaska. Although there are other more precise ways of doing it, 
we could in principle determine this acceleration by accurately measur- 
ing the time needed for any massive body to fall any given distance. 
Then, from d = Jat?, we could calculate the acceleration. This down- 
ward acceleration of a freely falling body (universally referred. to by the 
letter g) has been measured in Alaska and found to be 982.18 cm/s”, 
or 9.8218 m/s?. Assume we have dropped a mass of exactly 1 kg—a 
force of 1 N would give it an acceleration of 1 m/s^; to give it an 
acceleration of 9.8218 m/s?, a force of 9.8218 N would be required. 
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FIG. 3-5 An Atwood 
machine for “diluting” 
gravity. 


We therefore see that in Eagle City the kilogram must weigh just 9.8218 
N. Repeating the same experiment in Panama City, Canal Zone, 
we would find that at this location g = 9.7824 m/s? and could con- 
clude that here the kilogram weighs 9.7824 N. In general, we can say, 
for any body anywhere, 


weight = mass x acceleration due to gravity = m x g. 


(We must remember, of course, to keep the systems of units straight: 
newtons, kilograms, and meters/second”; dynes, grams, and centime- 
ters/second?; pounds, slugs, and feet/second?.) 

The study of falling objects is an excellent way to learn about the 
basic laws of motion. Since ordinary free fall is much too fast for conve- 
nient observation, it is helpful to slow the fall with an ingenious device 
known as Atwood's machine (Fig. 3-5). This consists essentially of a 
long vertical support with a light, nearly frictionless pulley on top and 
a collection of calibrated metal masses that can be attached in any 
desired quantities to the ends of the string that runs over the pulley. With 
equipment as simple or as fancy as our resources allow (an ordinary two- 
meter stick and a stopwatch will give reasonably good results), we can 
measure d.and t, and so investigate the relationship among force, 
mass, and acceleration. 

Consider an Atwood machine on which we have placed exactly 
900 g on one side, and 800 g on the other. Obviously the 900-g side will 
start to descend as soon as we release it. What will be its downward 
acceleration? If 800 g were on both sides, the weights would be balanced, 
and there would be no acceleration; the accelerating force is the un- 
balanced weight of the extra 100 g on the heavy side. 

Our trouble now is that we do not know just what 100 g weighs. 
If this book were to be used only in Eagle City, Alaska, we could say at 
once that 100 g has a weight of mg dynes — 100 x 982.18 — 98,218 
dynes. But in the Canal Zone, 100 g weighs only 97,824 dynes; and so 
on. Let us reconcile ourselves to an error of a few tenths of a percent 
and assume that g — 980 cm/s? or 9.8 m/s? or 32 ft/s? everywhere 
on the surface of the earth. 

So for the Atwood machine the accelerating force is 100 x 980 — 
98,000 dynes, or 0.98 N. This force serves to accelerate both masses— 
a total of 900 + 800 = 1700 g, or 1.700 kg, and 


pdb yai ALT ia cm/s” 
m 1700 
or 
03805 0.576 m/s?. 
1.700 
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3-5 
Inclined Planes 


With this knowledge of a, we can go on to determine distances, times, 
speeds, etc., in any way that is required. 

Let us ask another question about the Atwood machine as it was 
described above. What is the tension in the string? If we prevent any 
motion by holding the 900-g mass, the string will have to support only the 
weight of the 800-g mass, which will cause a tension of 800 x 980 — 
784,000 dynes. However, if we hold the 800-g mass, the tension in the 
string will be the weight of the 900-g mass, or 882,000 dynes. Is it safe 
to assume that when the masses on the machine are accelerating freely, 
the tension will be somewhere between these two values? We can solve 
this problem by concentrating on one of the masses—the 800-g one, 
say—and putting the rest of the machine entirely out of mind. (This is 
called isolating one of the factors of a complex problem. See Fig. 3-6.) 

We see only a mass of 800 g, which has an upward acceleration of 
57.6 cm/s. The upward acceleration must be caused by a net upward 
force of F = ma = 800 x 57.6 = 46,080 dynes. This net force is the 
resultant of the two forces acting on the mass: (1) the tension in the 
string, which is T dynes upward and (2) the weight of the mass, which 
is 784,000 dynes downward. Since T must obviously be greater than the 
weight, we can write 


T — mg = 46,080 
T = 46,080 + mg 
T = 46,080 + 784,000 = 830,000 dynes.* 


This answer can be checked by isolating the 900-g mass in the same 
way. Since it is accelerating downward, its weight is greater than the 
tension T, and we have 


mg — T — ma 
900 x 980 — T — 900 x 57.6 
T — 900 x 980 — 900 x 57.6 
T — 882,000 — 51,800 — 830,000 dynes. 


In Fig. 3-7, a boy is shown coasting down a 20° slope. If the snow is 
reasonably dirty, we may assume the coefficient of friction to be 0.25. 
In this example, the motion must be along the slope: the boy's accelera- 
tion and the force that causes it must also be along, or parallel to, the 
slope. But the pull of gravity W is stubbornly vertical. This can easily 
be taken care of by resolving W into components parallel to the slope 
(Fpar) and perpendicular to it (Foerp)- Component Far Will act to accel- 


* Since our value of g (980 cm/s?) is somewhat uncertain in the third figure, we are 
certainly not justified in retaining more than three significant figures in our answer. It has 
accordingly been rounded off to 830,000. 
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FIG. 3-6 Isolating each of the "weights" on the Atwood machine. 


erate the sled downhill; F,,,,, being perpendicular to the direction of 
motion, can itself have no effect on the motion. It is, however, the force 
normal to the surface which presses sled and snow together; it is exactly 
what we need in order to figure the retarding force of friction (Fr). 
So let us calculate the net force accelerating the sled downhill: 


Foot = Foss — Fee = Far — PF perp 
+= W sin 20° — 0.25 x W cos 20° 
= W x 0.342 — 0.25 x W x 0.940 = 0.107 W. 


FIG.3-7 Resolution of the pull of gravity into components perpendicular and parallel 
to the direction of motion. 
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* 
The mass of the sled is not given; it can be assumed to be m in any 


"system we choose. The weight W vill then be mg in this same system, 


and we have 
F= ma 


0.107 mg — ma. 


The mass m cancels out, showing that the results would be the same for 
a sled of any mass, and then 


a — 0.107 g. 


The same result could beweached by reasoning that since a force equal 
to the weight of a body gives it an acceleration g, then a force of 0.107 
times its weight would give it an acceleration of 0.107 g in any system 
of units. 


Because all unsupported bodies have a constant downward acceleration 
produced by the pull of gravity, the equations of uniformly accelerated 
motion can be applied to falling bodies, to rocks thrown into the air, 
or to golf balls and bullets. As a simple case, consider a boy who stands 
on a bridge 10 m above the water and throws a stone nearly vertically 
upward with a speed of 20 m/s. How high will the stone rise? We need 
to pause a minute to think of a piece of information not explicitly stated 
in the problem—at the height of its rise the stone will momentarily be 
motionless. The question can now be rephrased: At what distance d will 
the final velocity v, be zero? 

We are dealing with up-and-down motion; let us distinguish these 
directions by calling upward “+” and downward “—”’. This gives us that 
v, = +20 m/s, because v, is upward. The acceleration a = —9.8 m/s?, 
since the acceleration of gravity is downward. Then, from v? = v + 
2ad, we have 


(0)? = (20)? + 2(—9.8)d 
from which 


Te ES — 4204 m. 


The positive value tells us that this distance is above the point from which 
the stone was thrown, because we have chosen the upward direction to 
bec n. 

We might further ask how long it will be before the stone hits the 
water. When it does, it will be 10 m below the bridge, so that d will then 
be —10. (The distance d does not represent the total distance traveled, 


59 
Bodies in Motion 


but is the distance of the stone from the point of beginning; as it passes 
the boy on the way down, d is at that instant zero.) For this calculation, 
we may use the second equation and find 


=10 = 20r — 3 x 9.87? 
or 


4.91? — 20t — 10 = 0 
from which 
t= —045s or 4453s. 


The latter answer, happening after the stone was thrown, is obviously 
the one we want. 

The choice of -- and — was perfectly arbitrary. We would have come 
out with the same answers if the choice had been reversed. It would be a 
good idea to rework this same example, using upward as —, and down- 
ward as +. 

Most projectiles are not considerate enough to move up and down 
in a strictly vertical direction. What would happen if the boy on the 
bridge had thrown the stone at 20 m/s exactly horizontally, instead 
of vertically? If we neglect the frictional resistance of the air, the only 
force acting on the stone is the pull of gravity, and so its only acceleration 
is 9.8 m/s? downward. This downward acceleration, since it has no 
horizontal component, cannot have any effect on the horizontal motion 
of the stone, which will continue at 20 m/s until it strikes the water. 
Similarly, this horizontal component of the motion will have no effect 
on the gravitationally accelerated up-and-down component. 

Figure 3-8 shows a ball being thrown exactly horizontally at the same 
instant that another ball is dropped. Since the initial velocity of the. 
thrown ball has no vertical component, its downward motion is the” 
same as that of the dropped ball. The horizontal motion proceeds 
unchanged by the downward acceleration, so that the actual trajectory 
is the combination of the constant horizontal component and the accel- 
erated downward component. Projectile problems can all be handled 
by considering the horizontal and vertical components of the motion — 
separately and independently. As an example, Fig. 3-9 shows a golfer 
who has given a ball an initial velocity of 36 m/s, 30° above the hori- 
zontal, from a tee that is 15 m below the surrounding terrain. How far 
will his drive carry? (This is the horizontal distance x on the drawing.) 
We can start by breaking v into its horizontal and vertical components: 
vy = 36 cos 30° = 31.2 m/s, and v, = 36 sin 30° = 18.0 m/s. The 
vertical part of the ball's actual flight, OBAC, can be duplicated by the 
path OB'A'C' of an imaginary ball thrown upward with a speed of 18 
m/s. How long will it take this imaginary ball to reach C'? When it 
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Trajectory of thrown ball 
if not subject to gravity 


| Trajectory of ball 
I blest to gravity 
only 


4 % sec 


FIG, 3-8 Trajectories of ball when dropped, and when thrown horizontally. 


does, the actual ball will be at C and will strike the ground. Dealing now 
with only the vertical component of motion we can write 


d = vt + fat? 
15 = 18t — 4.947 
4.917 — 181+ 15=0, . 


from which — 
: _ 18 + J(18? — 4 x 49 x 15 


2x49 
1.28s or 2.40s. 


FIG.3-9  Trajectory of a projectile launched with a velocity having both horizontal and 
vertical components. f 


The answer 1.28 s gives a time at which the ball is at the required level, : 
15 m above the tee, but it refers to point B, on the way up; the answe TU 
we need is 2.40 s, the time at which the ball reaches C. During all this 
time, v, will have been continuing on at 31.2 m/s, and the ball will h have | 


traveled the bue distance ote 


x = 2.40 x 31.2 = 749 m. 


61 


62 
Bodies in Motion 


(3-1) 


(3-3) 


Questions 


4. A cyclist can accelerate from 5 mi/hr to 30 mi/hr in 40 s. (a) What is his 
average acceleration? (b) How far does he travel during his 40 s of acceleration? 
2. A car is capable of accelerating from rest to a speed of 60 mi/hr in 10 s. 
(a) What is the average acceleration during these 10 s? (b) How far does it 
travel? 

3. An electron traveling 8 x 10° cm/s enters an electric field that stops it in a 
distance of 4 cm. What is the acceleration of the electron? 

4. A car accelerates from rest to 90 ft/s in a distance of 400 ft. What is its 
acceleration? - 

5. An electron traveling 4 x 10° cm/s enters an electric field that gives it an 
acceleration of 10'? cm/s?, in the same direction as its initial velocity. (a) How 
longa time will it take for the electron to double its initial velocity? (b) Through 
what distance will the electron travel in this time? 

6. A proton in an experimental chamber is moving east at 3 x 10° cm/s. 
An electric field is suddenly switched on, which gives the proton an acceleration 
of 10!? cm/s? in a direction opposite its initial velocity. (a) How long a time 
will it take to give the proton a speed of 6 x 10° cm/s? (b) In what direction 
will it be traveling when it attains this speed? (c) When it attains this speed, 
how far will it be, and in what direction, from the point where it was when the 
field was switched on? 

7. A beam of ions has a velocity of 2.0 x 10° cm/s when it enters an accelera- 
tive electric field. It is necessary that the ions strike a cathode 30 cm away in 
just 8 us. (a) What constant acceleration must the ions be given in order to 
accomplish this? (b) How fast will they be traveling when they strike the 
cathode? 

B. A train traveling 20 m/s must reach a checkpoint 10 km distant in 6 min 
if it is to maintain its schedule. (a) What constant acceleration will bring the 
train to the checkpoint on time? (b) How fast will the train be traveling when 
it passes the checkpoint? 

9. An electron, started from rest with uniform acceleration by an electric 
field, travels a distance of 2 cm in 2.5 x 1078 s before it strikes the anode. 
(a) What is its acceleration? (b) With what speed does it strike the anode? 
10. A ball rolls down an inclined track 2.0 m long in 4 s. (a) What is its 
acceleration? (b) What is its speed at the bottom of the track? 

11. If one were out to make money by buying pinto beans at one altitude and 
selling them for the same price at another altitude, should he buy or sell at the 
higher altitude location? (Weighing is done on a spring balance.) 

12. If silver were selling everywhere at $2.30 per troy ounce, and presuming 
both buyers and sellers are willing to use your spring balance, should you buy 
in Eagle City, Alaska, and sell it in the Canal Zone, or vice versa? How much 
would you have to buy and sell to make a profit of $1000? 

13. What net force is needed to give a mass of 250 kg an acceleration of 
30 cm/s?? (b) 30 m/s?? 

14. What net force is needed to give a mass of 450 g an acceleration of 
12 cm/s?? (b) 12 m/s?? 
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45. A net force of 3.0 Ib gives an acceleration of 15.0 ft/s* to a body on a 
frictionless horizontal track. What is the mass of the body? 

16. On a horizontal frictionless track, a force of 0.25 Ib gives a body an 
acceleration of 4.0 ft/s?. What is the mass of the body? 

17. A constant force F pushes an originally motionless mass of 400 g a 
distance of 3 m in 4 s, across a horizontal frictionless table. (a) What is its 
acceleration? (b) What is the force? 

18. A mass of 3 slugs is motionless on a horizontal frictionless table. A 
constant force F pushes it a distance of 4 ft in 2 s. (a) What is its acceleration? 
(b) What is the force? 

19. Work Question 17(b) if there is a coefficient of friction equal to 0.20 
between the mass and the table. 

20. Work Question 18(b) if there is a coefficient of friction equal to 0,25 
between the mass and the table. 

21. A locomotive with a mass of 30 metric tons is pulling a 500-metric ton 
train at 72 km/hr. (a) What is the weight of the locomotive, in newtons? 
(b) The engine transmits force for accelerating the train to only the locomotive 
wheels. If the coefficient of friction between locomotive wheels and track is0.15, 
what is the greatest possible accelerating force that can be applied to the train 
and locomotive? (c) What is the maximum acceleration the train can have? 
(d) Assuming that the wheels of the cars of the train, as well as of the loco- 
motive, have brakes, what distance will be required to bring the train to a stop? 
22. A locomotive weighing 24 tons draws a 256-ton train at 45 mi/hr. See 
Question 21 for details of acceleration and braking. (a) What is the mass of 
the train and locomotive? (b) If the coefficient of friction between wheels and 
track is 0.18, what is the maximum acceleration of the train? (c) What distance 
is required to bring the train to a stop? i 

23. A coffee cup is dropped from a height of 4 ft. How long does it take to 
hit the carpet? i 

24. How long will it take for a dropped stone to hit the bottom of a well 
120 ft deep? y 

25. A flowerpot dropped from the top of a building strikes the ground 3 s 
later. How tall is the building? 

26. A stone dropped from the top of a cliff hits the ground below 4 s later. 
How high is the cliff? 

27. On Planet X, a dropped stone falls 48 m in 4 s. (a) What is g on Planet X? 
(b) What is the weight of a 10-kg mass on Planet X? 

28. On Planet U, a dropped ball falls 198 ft in 3 s. (a) What is g on Planet U? 
(b) What is the mass of an object that weighs 154 Jb on Planet U? 

29. An Atwood's machine has weights of 20 Ib and 18 Ib on a cord passing 
over a frictionless pulley. (a) What will be the downward acceleration of the 
20-Ib weight? (b) When released from rest, how long will it take the heavier 
weight to descend 4 ft? i 

20. An Atwood's machine is composed of masses of 1000 g and 1020 g 
suspended from a frictionless pulley. (a) What will be the downward acceleration 
of the heavier mass? (b) When released from rest, how long will it take the 
heavier weight to descend 200 cm? 
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31. What is the tension in the cord in Question 29? 

32. What is the tension in the cord in Question 30? 

33. Consider a horizontal frictionless table with a light frictionless Pulley 
mounted at its edge. From a 2.50-kg weight on the table, a horizontal string 
Passes over the pulley; the end of the string hangs downward, and attached to 
this end is a mass of 0.60 kg. What is the acceleration of the weight on the 
table? 

34. A frictionless horizontal table has a light frictionless pulley mounted at 
its edge. From a 2000-g weight on the table, a horizontal string passes over the 
pulley; the other end of the string hangs .downward from the pulley, and 
attached to it is a 250-g weight. What is the downward acceleration of the 
hanging weight? 

35. if there was a coefficient of friction of 0.10 between weight and table in 
Question 33, how far would the hanging weight descend in 2 s? 

36. if there was a coefficient of friction equal to 0.09 between the weight and 


the table in Question 34, how fast would the weight be moving at the end of 
1.5? 

37. What is the string tension in (a) Question 33? (b) Question 35? 

38. What is the string tension in (a) Question 34? (b) Question 36? 

39. A 50-kg man stands on a spring scale in an upward-moving elevator. 
The elevator decelerates 2 m/s? as the elevator Stops. What is the scale reading 
during the deceleration? (This scale is calibrated in newtons; scales calibrated 
in these units are to be found only in physics texts and physics laboratories.) 
40. A 180-Ib man stands on a spring scale in an elevator moving downward. 
If the elevator decelerates 4 ft/s?, what will be the reading on the scale? 

^. A man stands on a spring scale in a moving elevator. As the elevator Stops, 
the scale reading goes from 160 Ib to 190 Ib, and then back to 160 Ib when the 
elevator stops moving. (a) Was the elevator going upward or downward? 
(b) What was its acceleration while Stopping? 

42. A man stands on a spring scale in a moving elevator in Paris. As the 
elevator comes to a stop, the scale reading changes from 60 kg to 45 kg and 
then back to 60 kg when the elevator stops moving. (a) Was the elevator 
going upward or downward? (b) What was its acceleration while stopping? 
43. A frictionless plane is inclined at an angle of 25? with the horizontal. 
What is the accelefation of an object sliding down this plane? 

44. An object slides down a frictionless inclined plane making an angle of 
20° with the horizontal. What is the acceleration of the object along the plane? 
45. In Question 43, include a coefficient of friction equal to 0.15. 


46 In Question 44, include a coefficient of friction equal to 0.20. 
47. A 200-Ib package marked “FRAGILE” slides down a 20° loading ramp; 


'the coefficient of friction is 0.20. With what force, parallel to the ramp, must 


the loaders restrain the package so it will slide down at a constant speed? 
48. A 1000-Ib boat is slid down a ramp making an angle of 15? with the 
horizontal; the coefficient of friction is 0.30. Will the boat slide into the water 
of its own accord? If not, what push (parallel to the ramp) will be required? 
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49. A book will slide at constant speed down an incline that makes an angle 0 
with the horizontal. Show that the coefficient of friction between book and 
cline iins equal to tan 0. . 
50. A ramp is inclined at 26? to the horizontal. A timber slides down this 
ramp at constant speed. What is the coefficient of friction between timber and 
ramp? (See Question 49.) 

* A bale of rubber látex will not slide down a ramp inclined 15° with the 
horizontal, because the coefficient of friction is 0.40. What velocity must the 
bale be given at the top of the ramp to cause it to slide down and come to 
rest exactly at the bottom? The ramp is 20 ft long. 

52. The upper end of a ramp 13 ft long is 5 ft higher than its low end. A man 
flicks a package of cigarettes up the ramp (u = 0.15) with such a speed that 
it comes to rest exactly at the top of the ramp. What was the initial speed of 
the package? 

53. A man atop a building 50 m high shoots a stone upward with a slingshot 
at a speed of 30 m/s. How long before the stone lands on the ground at the 
base of the building? 

54. A man stands by a well 120 ft deep and throws a stone upward at 20 ft/s. 
The stone comes down into the well. How long a time after it is thrown will 
the stone strike the bottom of the well? 

55. On Planet Y, a mass of 2 kg is thrown upward with a spéed of 10 m/s, 
and is caught as it comes down 8 s later. What is the weight of the 2-kg mass? 
56. On Planet X, a man throws a 500-g mass upward with a speed of 20 m/s, 
and catches it as it comes down 20 s later. What does the 500-g mass weigh? 
57. A golf ball is driven with a speed of 40 m/s in a direction 30° above the 
horizontal. (a) To what height will the ball rise? (b) What horizontal distance 
will the ball travel? 

58. A baseball is batted with a speed of 120 ft/s in a direction 37^ above the 
horizontal. (a) To what height will the ball rise? (b) How far (measured along 
the horizontal) will the ball travel? 

59. A soccer punt starts at an angle of 45? above the horizontal, and travels a 
horizontal distance of 30 yards. (a) To what maximum height does the ball 
rise? (b) With what speed did it leave the player's toe? 

60. A football is punted at an angle of 60° above the horizontal. (a) With 
what speed did it leave the punter's toe if it travels 50 yards, measured hori- 
zontally on the field? (b) To what maximum height does the ball rise? 

61. A plane is climbing at an angle of 30* above the horizontal at a speed of 
300 m/s. When it is at an altitude of 1200 m, it releases a bomb. (a) How 
many seconds pass before the bomb strikes the ground? (b) How far beyond 
the point of release does the bomb strike? 

62. A plane, diving at an angle of 30° below the horizontal with a speed of 
150 m/s, releases a bomb when it is 1000 m above the ground. (a) How many 
seconds pass before the bomb strikes the ground? (b) How far beyond the 
point of release will the bomb strike the ground? 


4-1 
Work and 
Potential Energy 


Let us return now to two cases discussed earlier: (1) two forces applied 
to the ends of a solid bar supported at a certain point in between, and 
(2) two forces applied to the pistons of different diameters in two con- 
nected cylinders. We assume here that the bar and the pistons have a 
negligibly small weight and that friction can be disregarded. These two 
cases of lever arms or areas with ratios of 1:2 are shown in Fig. 4-1A 
and B. 

From our knowledge of levers and Pascal’s law, we know that a 
downward force on the left side of either of these machines will be able 
to raise a weight on the right side that is twice as great as the force. 
This “magnification” of a force—the ratio of the force the machine can 
exert to the force that must be exerted on the machine—is called the 
mechanical advantage of the machine; in each of the above cases the 
mechanical advantage is 2. 

Along with this advantage, however, is a disadvantage. For a down- 
ward push, of, say, 1 ft on the left side, the weight on the right is raised 
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FIG. 4-1 Equilibrium conditions for the forces applied to the ends of a lever, to the 
pistons of a hydraulic press, or to any other machine of equal mechanical advantage. 


mi 


in both cases only 4 ft, so what we have gained in force we have lost in 
distance. In other words, the product of force and distance is the same 
on both sides. This product of force times the distance moved in the direc- * 
tion of the force is the physicist’s definition of work. 


Work — Force x distance* 
W = Fd 


It must, of course, be expressed in units that have the dimensions of a 
force times a distance, such as a foot-pound, or a dyne-centimeter, or an 
ounce-inch, In the simple examples of Fig. 4-1; we might consider a force 
of 5 Ib on the left side moving through a distance of 1 ft, and thus doing 
5 ft-lb of work on the machines. The machines in turn exert a force of | 
10 Ib to lift a weight on the right side through a distance of } ft, thereby. 
doing 10 x 4 = 5 ft-lb of work on the stone or other restraining force. - 
i This may also be taken as an example of the very important principle 
íl of conservation of energy. This principle says that work, or energy (which 
is simply the ability to do work), never appears from nowhere and never 
vanishes. The 5 ft-Ib of work done on the machine merely transformed 
into the equal amount of work the machine did in raising the stone. | 
This cannot be the end of the story, though, for what has happened to the 
work done on the stone? SANE UA 
The stone was raised, against the pull of gravity, 4 ft higher 
was before, and it is now capable of exerting a force of 10 Ib (its we ht) | 
through a distance of 4 ft, in returning to its original position. As | 


GERI RI AUI GEL IPSE TUN 


a Wie het 
* Torque is also the product of force x distance, and is measured in what appears to be 
the same units. But bear in mind that for torque, d is the component of distance measures 


perpendicular to the force; in work, d is the component of distance parallel to the force. - 
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as the stone is elevated, the 5 ft-Ib of work done on it is stored, ready to 


be released whenever the stone is lowered. It has, in other words, the — 


potentiality of doing this amount of work, which is called its gravitational 
potential energy. 

The work an elevated object can do is of course (like all work in the 
physics sense) measured by force times distance; in the case of gravita- 
tional potential energy, the force is the weight of the object, and the 
distance is the object's height. But this immediately raises’a question. 
From where should we measure the height? The answer is a very gen- 
erous one. Measure it from any place you find convenient! We shall 
be interested only in changes in energy, and these changes will be the same 
no matter what we choose. 

In the simple example of the stone and the lever, it might have been 
easiest to measure the height / from the original position of the stone, 
We would then say it had zero potential energy (PE) in this location, 
and 5 ft-lb of PE after it had been raised, thus giving it a 5-ft-Ib increase 
in PE. However, a student from the seashore solving such a problem 
in a Colorado laboratory might prefer to refer his zero to sea level. 
If, for example, the elevation of the stone was originally 5612.3 ft above 
sea level, the student would be*entitled to say that the stone had a PE 
of 5612.3 x 10 — 56,123 ft-lb. The work of the lever would raise 
it to an elevation of 5612.8 ft and a PE of 56,128 ft-Ib, again giving the 
same answer—that its PE had increased by 5 ft-Ib. 

Another student might prefer to use the ceiling of the laboratory as 
his zero. He would run into only a slight complication, because if the 
PE were zero at the ceiling, it would be negative on the laboratory 
bench. If the stone were originally 9 ft below the ceiling, its PE would be 
—9 x 10 = —90 ft-lb; when raised, it would be —85 ft-lb. Since 
—85 is greater than — 90, he also would conclude that the gravitational 
potential energy had been increased by 5 ft-Ib. 

The notion of potential energy is not necessarily associated only with 
the force of terrestrial gravity. A tightly wound spring or a gas com- 
pressed in a metal cylinder is also able to produce mechanical work that 
can be measured in the same units. Potential energy in chemical, 
rather than mechanical, form is stored in an automobile fuel tank filled 
with gasoline or in a charge of high explosive in an artillery shell. 
Potential energy in still another form lies in the nuclear energy of the 
fissionable fuel rods in a nuclear reactor. 


If we do work on any body, the principle of conservation of energy 
tells us that the work done must all be accounted for in some way. Let 
us apply this to the situation illustrated in Fig. 4-2. A cart of mass m is 
stationary on a perfectly smooth, frictionless, horizontal path. Now 
apply to it a force F, until the cart has been moved through a distance d. 
The work done on the cart, Fd, has not been dissipated by friction, and 
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FIG. 4-2 Conversion of work into kinetic energy. — 


there has been no change in potential energy. The applied work must ` 


therefore all be represented by the energy the cart has because of its 
velocity v; that is, the kinetic energy (KE) of the mass is equal to the 
work done on it: : 

KE = Fd. 


For bodies starting from rest, where v, = 0, we know from our equations 
of uniformly accelerated motion that v? = 2ad, which gives d = v”/2a. 


We also know that F = ma, and substituting these values for F and d, i 


we get 
pix sr 
KE = Fd = ma x — = 2 mv. 
2a 2 


Kinetic energy, like potential energy, is equivalent to work, and is mea- 
sured in the same units of force x distance. Here is a tabulation that 
may help keep the units in mind: Jd : 


System „Mass Unit Velocity Unit Energy Unit 
CGS iix g 4 cm/s . dyne-cm, or erg 
MKS kg m/s N-m, or joule (J) - 

British slug ft/s ft-lb. 1 


The two new names, ergs and joules, are very convenient abbreviations, 


because they are the units most commonly used to express ergy in — : 


scientific work all over the world. Since 1 newton = 10° dynes, and 1 
meter = 10? centimeters, it follows that I joule = 10” ergs. 


Pu 
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An example will help tie together some of these ideas. Imagine an i 


inclined ramp 50 ft long, the far end of which is 6 ft higher than its 
beginning. A man shoves a 240-lb box up the ramp by exerting a steady 
push of 80 Ib. Let us assume that the force of friction between the box and 
the ramp is 40 Ib. How fast will the box be moving when it reaches the 
top of the ramp? The total amount of work the man does can be deter- 
mined by multiplying the force of his push by the distance through which 
he pushes the box: 


Fd — 80 x 50 — 4000 ft-Ib. 


We must now consider what becomes of this 4000 ft-lb of work. 
Since the force of friction is given as 40 Ib, the work that goes into over- 
coming friction and that is thus converted into heat is 40 x 50 — 2000 
ft-Ib. When it reaches the end of the ramp, the box will have been raised 
through a vertical distance of 6 ft, and consequently it will have gained 
240 x 6 — 1440 ft-Ib of potential energy. 

This will account for 2000 + 1440 = 3440 ft-lb of the 4000 ft-lb of 
work the man has done. Left over, we have 4000 — 3440 = 560 ft-lb 
of work that can only have gone into increasing the speed and thus 
the kinetic energy of the box. We need now only determine how fast 
the box must be moving to give it 560 ft-lb of kinetic energy. To do this, 
we can compute directly from KE = Jmv? (remembering that since the 
560 is in foot-pounds, the mass must be expressed in slugs): 


560 = = x Axe 


p? = 300 x 2x32. 1493 
240 


v — 12.2 ft/s. 


Problems concerning work may often involve a force that acts in 
a direction different from the direction of the motion of the body it 
is acting on. In Fig. 4-3A is a cart being pulled up a hill by a force F, 
which is not parallel to the direction of motion. Figure 4-3B shows F 
resolved into two components: F erp) perpendicular to the motion, and 
Fan parallel to the motion. The work done is F,,, times the distance 


par 


d. Since F,,, is F.cos 0, we see that the general expression for the work - 


done by a force is Fd cos 0. Because F,.,, has no component in the direc- 
tion of d, it does not do any work at all. 


In many examples of mechanical motion, there is an interchange between 
kinetic and potential energies. Thus, if we hold a Ping Pong ball in our 
hand some distance above the floor, it has potential energy but no kinetic 
energy. If we release it, it falls faster and faster toward the floor, and 
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FIG. 4-3 The work done by a force acting in a direction different from the direction of 
motion. 


when it reaches the floor, it will have no potential energy left; all of 
it will have been turned into kinetic energy. At the moment of impact 
with the floor, the ball will stop for a split second, and all its kinetic 
energy will be turned into the potential energy of the elastic deformations 
in its body. (In the case of an inelastic lead ball, the kinetic energy 
will be transformed into heat—by a process that we shall explain later— 
and it will not bounce.) The elastic energy is then changed back into 
kinetic energy, and this sends the Ping Pong ball up into the air, with 
the result that the kinetic energy is turned into gravitational potential 
energy. The ball will rise to approximately its original height. This 
process is repeated again and again until the friction forces gradually 
rob the system of its initial energy and the ball comes to a standstill on 
the floor. 

A pendulum is another example of interchange of energy between 
PE and KE. Consider the pendulum shown in Fig. 4-4. At the ends of 
its swing (4 and C), the pendulum bob is momentarily motionless and 
therefore has no kinetic energy. However, at these two points it is at its 
maximum elevation, a distance /: above its elevation at B, in the center 
of its swing. If we take B as our zero, then at A and C its gravitational 
potential energy is mgh, while its kinetic energy is zero. At B the situa- 
tion is reversed; its PE is zero, and its speed and KE are maximum. 
We can easily determine the speed of the pendulum bob at B by calling 
on the principle of the conservation of energy. If we neglect the small 
loss of energy due to air friction and the bending of the supporting string, 
we can conclude that the gain in KE from A to B must exactly equal 
the loss in PE: Š 


4mv? = mgh 


or 


v = V2gh. 
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PE = mgh 


KE— 0 


PE=0 
KE = mgh 


FIG. 4-4 Conversion of potential energy into kinetic energy, and kinetic energy into 
potential energy in a swinging pendulum. 


Consider a liquid flowing through a pipe of varying size (Fig. 4-5). 
Since liquids are almost incompressible, the volume per second passing 
through the large section at (1) must be the same as that passing through 
the small section at (2). In order to do this, the liquid must speed up 
as jt enters the small section; that is, between (1) and (2) the liquid 
is accelerated to the right. In order to provide the force to cause this 
acceleration, the pressure at (1) must be greater than the pressure at 
(2). Similarly, the liquid must be decelerated when it leaves (2) and 
reenters the large section of pipe to the right; this means that there must 
be a retarding force toward the left, or that, again, the pressure is larger 
in the larger pipe. This fact can be easily demonstrated by attaching 
narrow vertical pipes to the three parts of our horizontal pipe, as shown 
in Fig. 4-5. The water in the middle pipe will stand lower and thus indi- 
cate a lower pressure. The statement that in the regions where the velocity 
of fluid is smaller, the pressure is higher, and vice versa, is known as the 
principle of Bernoulli, after a Swiss physicist, Daniel Bernoulli (1700- 
1782), who discovered it. 

The principle of conservation of energy enables us to deal quantita- 
tively with Bernoulli's principle. Since the same amount of liquid per 
second must flow through every part of the pipe, we can see that 


vA; = v42 
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FIG. 4-5 The pressure is lower in the narrow part of the tube, where the fluid moves faster. 


Imagine at location (1) a unit volume of the liquid (1 cm?, or 1 ft?, 
or 1 m?). Its mass is numerically equal to its density d, and ithas a kinetic 
energy of 3d». Our pipe is horizontal, so the gravitational potential 
energy of the liquid will not change as it moves along the pipe. How- 
ever, there is another form of energy, due to pressure, that we must take 
into account. Imagine a hole 1 cm square cut in the side of the pipe. 
Now into this hole stuff a 1-cm cube of the liquid. (This is very difficult 
to do and you will be much better off. just imagining it.) The force against 
the 1-cm? face of the cube is numerically equal to the pressure, and you 
must push it in a distance of 1 cm, which makes the work you do also 
numerically equal to the pressure p. This amount of work p can obviously 
be reclaimed by allowing the cube to emerge into the open again; 
thus p represents the energy the 1 cm? of fluid has because of its pressure. 
The total energy (ignoring gravitational PE) of the unit volume is then 


3dvi + Pr. 


By the same arguments, the energy of a unit volume of liquid at point 
(2) will be 4dv3 + p2. If we ignore the loss of energy by friction, then 
by the principle of conservation of energy we get 


dv? + p, = 4doz + Pr 


Asan example, take a pipe 10 cm in diameter, narrowing to a diameter 
of 5 cm. It contains oil of density 0.8 g/cm? flowing 100 cm/s in the large 
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section of tube. What pressure difference could we expect between the 
large section and the small section of pipe? We have that 


Pi — P2 = M93 — vi). 


In the narrowed section, since the diameter is halved, the area will be 
only one-fourth as great; v, must therefore be 4 x v,, or 400 cm/s. 
Numerically, 


Pı — p; = 0.5 x 0.80(400? — 100?) 
— 6 x 10* dynes/cm?. 


This scheme is extensively used to measure the flow of fluids. A gauge 
reads the pressure difference between the normal pipe and a special 
narrowed section; if we know the ratio of pipe diameters, we need merely 
a reversal of the example given above to find the flow velocity. 

The aspirators found in chemistry labs use Bernoulli's principle— 
water flows through an attachment with a narrowed section at high speed. 
An outlet from this narrowed part [as at (2) in Fig. 4-5] provides a 
pressure less than atmospheric, for suction filtration, etc. In automobile 
carburetors the air drawn into the cylinders likewise passes through 
a narrow section at high speed; the reduced pressure here draws in a 
spray of gasoline to mix with the air, ready for burning. 


Webster's New Collegiate Dictionary gives ten separate meanings for the 
word "power." Although the nine other meanings are perfectly legiti- 
mate in ordinary conversation, in physics we must confine ourselves to 
only one. Power is the rate of doing work or the rate at which energy is 
converted from one form into another. , 

As an example, we can figure the power needed to raise a 5000-Ib 
elevator a distance of 120 ft in 30 s. The total work that must be done 
is 5000 Ib x 120 ft = 600,000 ft-lb. Even a small motor could do this 
amount of work if it were allowed a long enough time. Our problem, 
however, says that the job must be done in 30 s, so the hoist must work 
at the rate of 

- 600,000 L 20,000 ft-Ib/s. 

30 
Ordinarily, for such things as hoists and engines, a larger unit of power 
is used: 1 horsepower (hp) equals 550 foot-pounds per second ( ft-Ib/s). So, 
if the hoist mechanism were 100 percent efficient—that is, if none of 
its work were lost in overcoming friction—the elevator would require 
an engine of 

20,000 


—— = 364 hp. 
550 p 
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No perfectly frictionless machine exists, however, and some allowance 
must be made for the work lost by being converted into heat by friction. 
In any machine, the work it does (its output) will be-less than the energy 
supplied to it, or the work done on it (its input), because of these fric- 
tional losses. The term efficiency, when applied to a machine of any kind, 
means merely the ratio of its output to its input: 


output. 


Efficiency = 
input 


Efficiency must obviously always be less than 1, and is commonly given 
as a percentage. 

If the hoist mechanism is 75 percent efficient, this means that only 
75 percent, or 0.75, of the engine input is usable in raising the elevator; 
0.25 is wasted as frictional heat. To find the actual power of the required 
engine, we must put down that only 0.75 of the input to the hoist must 
equal 36.4 hp, or 

0.75x = 36.4 


In many applications, all the power supplied to a machine is used up 
in overcoming friction. This is true of an automobile moving at uniform 
speed on a level road, or of an airplane in horizontal flight. Neither 
potential nor kinetic energy is being increased; the entire engine output 
is consumed in the friction of moving parts, of the tires against the 
road, and, most important at high speed, in the friction of the air. 
The primary definition of work is F x d; since power is the rate of 
doing work, we can say that 


Therefore, if an automobile engine develops 200 hp when the car is 
moving at 75 mi/hr, the total force of friction can be easily figured. To 
have everything expressed in a consistent set of units, we write 


200 hp = 200 x 550 = 110,000 ft-Ib/s 
and 


gonniihrae Ima. Sin pite 
60 


Substitution of these figures into P = Fv gives us 


110,000 ft-Ib/s = F lb x 110 ft/s 


or , 
F = 1000 Ib force of friction. 
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FIG. 4-6 Newton's third law: action and reaction are equal and opposite. 


In the widely used MKS system of units, power is, of course, expressed 
in joules per second. This unit of power has been given the name watt (W) 


: in honor of James Watt, the eighteenth-century British inventor of 


the steam engine. One watt equals a power of one joule per second. 
1W = 1J/s. 


Although the watt is frequently used to describe electrical power, its 
definition is fundamentally mechanical and, like any other power unit, 
can be used to measure the rate of conversion of any kind of energy. 
We might, for example, determine the power expended by a 70-kg man 
who takes 12 s to run up a flight of stairs 6 m high. His weight is 70 x 
9.8 = 686 N. The total work done is 686 N x 6m = 4120 N-m, or 4120 
J. The power exerted, then, is 4120 J/12 s — 342 J/s, or 342 W. 


Newton's third law of mechanics—at least as important as his second law— 
says that if one body (A) exerts a force on another body (B), then B must 
exert an equal and opposite force on A. 

Figure 4-6A shows a nurse pushing a perambulator along a rough 
walk at a constant speed. All goes well, and three pairs of forces illus- 
trating Newton's third law can be seen on the drawing. Let us say there 
is a 7-Ib frictional force between the perambulator and the ground; 
this means the wheels must push forward against the ground with a 
force of 7 Ib, while the ground pushes backward against the wheels with 
an equal 7-Ib force. Similarly, the push of the nurse on the perambulator 
and the push of the perambulator back on her hands are another equal 
and opposite pair, each amounting to 7 Ib, and exactly opposite in 
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direction. There is another pair of 7-Ib forces between the nurse's shoes 
and the ground. In fact, as far as we know, there is no such thing as a 
single force; forces always occur in equal and opposite pairs, each mem- 
ber of the pair being exerted on a different body. In Fig. 4-6A, we can 
see two equal and opposite forces acting on the nurse; one exerted by the 
perambulator, and one exerted by the ground. These are not a third 
law pair—they are both acting on the same body; each one is a member 
of a different pair. In this example, they happen to be equal and opposite 
only because the nurse happens to be pushing the perambulator at a 
constant speed on a level path. 

In Fig. 4-6B, the situation is different. The rough gravel has given 
way to a patch of ice. The nurse, not noticing, has continued her 7-Ib 
push; but on the slick surface the maximum forces of friction have been 
reduced to 3 Ib for the perambulator, and to 2 1b for the smooth soles of 
the nurse's shoes. Again the frictional forces and the hand-handle forces 
occur in equal and opposite pairs, but the separate forces on the nurse 
and on the perambulator are no longer balanced. The nurse now experi- 
ences a net force of 7 — 2 = 5 lb to accelerate her backward; the 7 — 
3 — 4-Ib net force on the perambulator sends it shooting forward. 

Since the forces of action and reaction between two objects are equal 
to one another and since the acceleration communicated to any object 
by a given force is inversely proportional to the mass of that object, the 
acceleration of the more massive of the two interacting objects will be 
smaller than that of the lighter one. When we shoot a rifle, for instance, 
the powder gases in the barrel force the bullet out toward the target, 
but they also push equally strongly toward the rear of the barrel and 
produce what is known as recoil. The recoil in an ordinary rifle is rela- 
tively small because the rifle is much more massive than the bullet, but 
even then, it is quite appreciable. 


We have already looked at one very useful quantity that depends on 
mass and motion—kinetic energy. Another quantity that is at least 
equally important is momentum, which is merely the product.of the mass 
of a body times its velocity: 


Momentum = mass x velocity 


The letter “p” is customarily used to stand for "momentum," so we can 


write this as 
p = m. 


As we shall see when we look at the concepts of Einstein’s Special 
Theory of Relativity, the mass of a body increases as its velocity increases, 
but this change is negligibly small except at really enormous speeds. For 
the present, let us confine ourselves to modest speeds of no more than 
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a few thousand miles per second, so that the mass of a body can be 
considered to be constant. Under these conditions, a change in the 
momentum of a body must mean a change in its velocity, and vice 
versa. 

Now go back to Newton's second law, although its connection with 
momentum may not be apparent at first glance: 


F — ma. 


Acceleration is defined as the rate of change of velocity, so instead 
of a we can write (v, — v,)/t. When this is substituted for a in Newton's 
second law, it gives 


Put into words, this statement that the net force applied to a body is 
equal to the rate at which the body's momentum changes is the way 
Newton himself stated his second law. Rearranging the equation by 
multiplying it by ¢ gives 

Ft — Ap. 


On the left side of the equation, the quantity Ft—the product of a force 
and the time during which it acts—is called impulse; on the right side 
of the equation is the change in the body's momentum. The fact that the 
impulse given a body equals its change of momentum leads us directly 
to the very important concept of the conservation of momentum. 

Consider two billiard bails colliding on a smooth table. During the 
fraction of a second that the balls are in actual contact, each is slightly 
compressed, and in springing back to spherical shape each exerts a force 
on the other that will change its speed and direction. From Newton’s 
third law, we know that these forces are at all times exactly equal and 
exactly opposite in direction, and the time during which these collision 
forces act is obviously identical for each ball. Thus each ball, during the 
collision, receives an impulse equal to the impulse received by the other 
ball, but opposite in direction. (Impulse and momentum are both vector 
quantities, since each is made up of a vector multiplied by a scalar.) 
It follows, then, that each ball undergoes a change in momentum equal 
and opposite to the change of momentum of the other ball. So if these 
changes are added (vectorially, remember!), they add up to zero. 
The fact that the total momentum change is always zero allows us to 
make the statement that in any collision or other interaction between 
bodies, the total momentum of the interacting bodies (considered vectorially) 
is the same afterward as it was before, which is one way of stating the 
law of conservation of momentum. 
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FIG. 4-7 Conservation of momentum in a collision. 


As an example, consider a 2000-Ib car traveling at 80 ft/s that crashes 
into the rear of a 16,000-Ib truck moving in the same direction at 
10 ft/s. The small car bounces backward from the collision with a 
speed of 20 ft/s. What is the speed of the truck after the impact? (See 
Fig. 4-7.) In this example, the motions are in one dimension along 
a straight line, and we can take care of vector directions by assigning 
a + sign for motion to the right and a — sign for motion to the left. 
Before the collision, the total momentum of the two vehicles is 


80 x 2000 + 10 x 16,000 = 320,000 Ib-ft/s. 


Afterward, itis —20 x 2000 + 16,000x. If we set the momentum before 
the collision equal to the momentum after, we get 


320,000 — 16,000x — 40,000 
or 
x = 22.5 ft/s. 


Strictly speaking, we have used incorrect units for the momentum 
in the example above; in the English system mw is in slug-ft/s. These 
units could have been introduced by dividing the 2000 Ib and the 16,000 
Ib weights by g, to give 320,000/g slug-ft/s on the right. But we would 
then immediately simplify the equation by multiplying both sides by g, 
to give the same equation we started with. So long as the units are the 
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same on both sides of the equal sign, we have a valid equation, whether the 
cars are measured in pounds, slugs, grains, kilograms, ounces, or Martian 
pjotniks. 

If you were to check the total kinetic energy of the two cars before and 
after the collision, you would find that more than 38 percent of the 
original KE had been lost; this lost KE was used up (and converted 
into heat) in the work devoted to crumpling fenders, etc. When some 
mechanical energy is lost in this way, the collision is called inelastic. 
There is no such thing as a perfectly elastic collision between ordinary 
bodies—that is, a collision in which no energy is lost. Glass or hard steel 
balls may come fairly close to it, however. A golf ball dropped on the 
pavement will bounce for a number of times before coming to rest, 
but each bounce will be to a lesser height than the previous one, thus 
giving us an indication that the ball has lost energy in each collision 
with the earth. At each impact with the pavement, the ball is slightly 
flattened. This causes the fibers in the ball to rub against each other 


- and thus to use up energy by converting it to frictional heat that cannot 


be recovered. (We should add, however, that collisions between individ- 
ual atoms and molecules are generally perfectly elastic.) 

Although mechanical energy is never completely conserved in any 
collisions between real bodies, momentum always is. Two equal lumps of 
putty traveling at equal speeds in opposite directions will stick together 
and come to rest when they collide, thus using up all their KE in the 
work of rubbing putty particles against one another. Their total momen- 
tum, though, has not changed. Before collision, the two equal vectors 
representing their momentums point in opposite directions and hence 
add up (vectorially) to zero. After collision, the total momentum is 
obviously still zero. 


As an approach to considering the great rockets that launch astronauts 
with tons of equipment up into their orbits, let us first consider a man 


-firing a gun. Figure 4-8A shows the gun and bullet before firing. Both 


are stationary, and the total momentum is undeniably zero. A fraction 
of a second after firing (Fig. 4-8B), the 30-g bullet has left the barrel 
with a muzzle velocity of 250 m/s. It therefore has a momentum of 
7.5 x 105 g-cm/s, or 7.5 kg-m/s, toward the right. In order that the 
total momentum may remain zero, the 5-kg gun must have gained a 
momentum mv = 7.5 kg-m/s, toward the left. Its recoil velocity is 
then 7.5/5 — 1.5 m/s, toward the left. In this case, the gun is quickly 
stopped by the marksman's shoulder. 

Suppose, though, that the gun were mounted on a frictionless carriage, 
and could fire one bullet per second for a minute. At the end of the min- 
ute, after 60 shots had each given it an additional velocity of 1.5 m/s, 
the gun would be moving at 1.5 x 60 = 90 m/s. We would get exactly 
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FIG. 4-8 Conservation of momentum in firing a gun. 


the same result if the gun (actually, a smali model rocket) were able 
to squirt 30 g/s of water or hot gases or anything else out of its muzzle 
with a relative velocity of 250 m/s. In the previous section, we saw 
that the force resulting from such a procedure is equal to the rate of 
change of momentum. In this example, 30 g/s have been given a velocity 
change of 250 m/s, to give a rate of change of momentum of 250 m/s x 
0.030 kg/s — 7.5 kg-m/s?. The resulting force on the rocket is thus 
7.5 N. (Note that the dimensions check: 1 N — 1 kg-m/s?.) Acting on 
the 5-kg rocket, this force produces an acceleration a = F/m = 7.5/5 = 
1.50 m/s?. After 60 seconds, v = at = 1.5 x 60 = 90 m/s, which 
confirms our first result calculated from the bullet firing. 

This same procedure can be used to calculate the thrust given one of 
the great modern satellite-launching rockets. The Titan III-C, together 
with its load, has a weight of 1.40 x 10° Ib. Its first stage, responsible for 
starting the rocket on its way and for penetrating most of the atmosphere, 
burns solid fuel at a maximum rate of 9400 Ib/s. At sea level, the exhaust 
gases resulting from this burning have a velocity of 7600 ft/s. Here, 
in order to calculate the thrust in pounds, we must have the rate of 
change of momentum in s/ug-feet/second?. So we must convert the fuel- 
burning rate from 9400 Ib/s to 9400/g = 9400/32.2 = 292 slugs/s. 
Since each slug of fuel has its velocity change from 0 to 7600 ft/s, the 
total rate of change of momentum (which equals the force, or thrust) 
becomes 292 x 7600 — 2.22 x 10$ Ib. 

The net force on the rocket is the difference between this thrust and the 
rocket's weight, or 2.22 x 105 — 1.40 x 10° = 8.2 x 10° Ib. This net 


\ 
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v has zero 
downward component. 


R kg of air per sec. 
receives a downward 
velocity component v, 


FIG. 4-9 Downward thrust of air passing around airplane wing equals the upward 
thrust on wing. 


upward force would give the rocket an upward acceleration of a = Film= 
8.2 x 105/(1.40 x 105/32.2) = 18.9 ft/s”, or 0.59 g. 

An airplane wing acts on the same principle. In flight, it must give 
downward momentum to air at a rate sufficient to provide the needed 
upward force to keep the plane aloft. Figure 4-9 sketches a wing moving 
through the air from left to right. It is drawn as though the wing were 
stationary, with the air flowing by it from right to left (as though in a 
wind tunnel). As the air passes over the tilted wing, R kg/s is deflected so 
that it is given a downward velocity component va. Then, for the upward 
force on the wing, F, 


F = v, m/s x R kg/s = vaR kg-m/s? 


" 
S 

p] 
£4 


Golf and baseball players, as well as aviators, are also vitally con- 
cerned with conservation of momentum. Figure 4-10A shows a baseball 
speeding through the air without any spin. The onrushing air neatly 
parts and goes around each side of the ball. When the air on the sides 
comes back together on the back side of the ball, considerable turbulence 
forms, with resultant heat from internal friction in the air, which is the 
principal source for the loss of energy for any projectile. But in this case 
there is no change in the direction of the airflow or the path of the ball. 
In Fig. 4-10B the same ball is spinning about an axis perpendicular to its 
velocity; the passing air is dragged along with the spin, so that the re- 
combination of the airstream is not opposite the point of separation. 
The air is thus (in the drawing) given a Ap upward; the ball must receive 
an equal Ap downward, which changes the direction of its velocity— 
thereby a curve ball or a slice! 
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AP Meu i 
B 7 Path of ball ® 


FIG. 4-10 A spinning baseball or golf ball moves in a curved path as a result of con- 
servation of momentum. 


Questions 


1. A horse exerts a force of 250 Ib in pulling a loaded wagon. How much 
work does he do per mile of travel? 

2. It requires a force of 600 N to push a car at constant speed along a level 
road. How much work is done in pushing it 4 km? 

3. A storage tank holds 10 metric tons of water, and is 25 m above the pond 


- from which it is filled. (a) How much work is done in filling the tank? (b) How 


much more potential energy does the water in the tank have than 10 metric 
tons of water in the pond? 

4, A 180-Ib man climbs to a roof 40 ft above the ground. (a) How much work 
did he do against the pull of gravity? (b) By how much did he increase his 
potential energy? 
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5. A 1500-Ib magnet is on a stand 3 ft above a laboratory floor. What is its 
PE (a) with reference to the floor? (b) with reference to the ceiling, 12 ft above 
the floor? The magnet is now raised by 8 inches. Now, what is its PE with 
reference to (c) the floor? (d) the ceiling? 

6. A 150-kg engine is suspended from a chain hoist 2.5 m below the garage 
ceiling, which is 4.0 m above the floor. What is its PE with reference to (a) the 
ceiling? (b) the floor? The engine is lowered 70 cm. Now, what is its PE with 
reference to (c) the ceiling? (d) the floor? 

7. A nickel coin has a mass of about 5 g. How many ergs of work are needed 
to pick up a nickel from the floor and place it on a table 80 cm high? 

8. How much work in joules must be done to hoist a 750-kg safe to the top 
of a building 35 m high? 

9. The electric field in an X-ray tube exerts a force of 3.2 x 10716 dyne on 
an electron, through a distance of 20 cm. How much kinetic energy is imparted 
to the electron? 

10. An alpha particle, initially moving slowly, enters an electric field that 
exerts on it a force of 4 x 107? dyne. What is the kinetic energy of the alpha 
particle after having traveled 5 cm in the electric field (in ergs, and also in 
joules)? 

11. From what height must a car be dropped in order for it to crash with as 
much KE as it has when traveling at 60 mi/hr? 

12. By what factor is a car's kinetic energy increased if its speed is tripled? 
13. How fast must a proton move to have as much KE as an electron traveling 
8 x 105 m/s? (A proton is about 1800 times more massive than an electron.) 
14. How fast does a 1500-kg car have to move in order to have as much 
kinetic energy as a 150-g bullet traveling 700 m/s? 

15. It requires a horizontal force of 3 x 10^ dynes to keep a block moving 
at constant speed across a level table. What is the KE of the block after a 
horizontal push of 7 x 10* dynes has been applied to it for a distance of 800 
cm? 

16. A push of 800 N is applied to the car of Question 2 when it is stationary. 
Through what distance must this force be exerted to give the car a speed of 
3 m/s? (The mass of the car is 1400 kg.) 

17. A 48-Ib boy slides down a slide whose bottom is 6 ft below its top. He 
reaches the bottom with a speed of 16 ft/s. How much energy was used up in 
overcoming friction? 

18. A 6080-Ib truck, starting from rest, coasts down a hill whose foot is 
25 ft lower than its top. When the truck reaches the bottom of the hill it has à 
speed of 30 ft/s. How much energy was used up in overcoming friction on the 
way down? 

19. A 4800-Ib truck coasts 200 ft down a 12? hill; the road then changes to an 
uphill 8°, and the truck coasts 150 ft along this uphill slope before stopping. 
What was the average force of friction? 


20 A bicyclist (total weight 160 Ib) coasts 300 ft down a hill sloping at 10°; 
the road then climbs up the opposite side of the valley at a 10° slope, and he 


E 
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coasts 100 ft up this road before he comes to a halt. What was the averagé 
force-of friction? 

21. A pendulum is pulled to one side until its center of gravity is 3 inches 
higher than when hanging vertical, and then is released. What is its speed as 
it passes through the midpoint of its swing? 

22. The pendulum of Question 21 is pulled aside and released. When it swings 
through its midpoint, its speed is 6 ft/s. At the point of release, how much 
higher is its center of gravity than when hanging vertical? 

23. Oil of density 0.86 g/cm? flows through a horizontal pipe at a speed of 
50 cm/s. The pipe (cross-sectional area, 30 cm?) is smoothly narrowed to a 
cross-sectional area of 10 cm?, and pressure gauges are placed in the large 
and the small sections of pipe. What is the difference in their pressure readings? 
24. A horizontal pipe of 10 cm? cross-sectional area is smoothly reduced to a 
cross-sectional area of 5 cm?. The pipe carries water, which flows through the 
larger section with a speed of 30 cm/s. What is the difference in pressure 
between the large and small sections? 

25. A horizontal pipe of 10 cm? cross-sectional area is smoothly reduced in 
size to a cross-sectional area of 5 cm?. A gauge shows that the difference in 
pressure between the large and small sections of pipe is 1200 dynes/cm?. 
How many cm?/s of water are flowing through the pipe? 

26. Oil of density 0.90 g/cm? flows through a pipe whose cross-sectional area 
is 30 cm?. This pipe is smoothly reduced to a cross-sectional area of 10 cm?, 
Gauges in the large and small pipe sections show a pressure difference of 
3000 dynes/cm?. How many cm? of oil flow through the pipe per second? 
27. The tank of Question 3 is to be filled in 40 min. What is the power the 
pump must deliver? 

28. The man in Question 4 makes the climb in 50 s. What power is he exerting 
(in ft-Ib/s, and in horsepower)? 

29. A ski lift must raise a total load of 2500 Ib each minute, up a slope whose 
difference in elevation is 1500 ft. If the mechanism is 70 percent efficient, what 
is the horsepower of the engine? 

30. A motor and construction hoist mechanism are 60 percent efficient. 
What is the minimum horsepower of the motor needed to raise a load of 
24 tons to a height of 120 ft in 2 min? 

31. A load of 800 kg is to be hoisted to an elevation of 35 m in 3 min. What is 
the power in watts of the driving motor, assuming it to be 100 percent efficient? 
70 percent efficient? 

32. A tank on the roof of a building 20 m high holds 10 m? of water, and it 
must be filled from a pond on the ground in 20 min. What is the power in 
watts of the pump that will be required, assuming it to be 100 percent efficient? 
60 percent efficient? 

33. What is the retarding force of friction on a car that must exert 150 hp to 
drive it at 80 mi/hr on a level road? 


34. A 200-hp engine can give an airplane a speed of 120 mi/hr in level flight. 
What is the force of friction at this speed? 
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35. A 250-W heater burns for 6 hr. How many joules of energy are converted 
from electrical energy into heat? 


36. How many joules of electrical energy are converted into heat and light 
when a 50-W lamp burns for 8 hr? 


37. How fast must a proton move in order to have the same momentum as an 
electron traveling 8 x 105 m/s? (Refer to Question 13, and compare answers.) 


38. How fast does a 1500-kg car have to move in order to have as much 
momentum as a 150-g bullet traveling 700 m/s? (Refer to Question 14, and 
compare answers.) 


39. An 8-lb block at rest on a level, frictionless table is given a constant 
8-oz push until it is moving 2 ft/s. For how long a time was the push applied? 


40. For how long a time must a push of 10,000 N be applied to a 50,000-kg 
rocket ship in order to increase its speed from 25,000 to 30,000 m/s? 


41. A 16-ton rocket ship traveling freely in space at 6000 mi/hr is given a 
thrust of 5000 Ib in the direction of its motion for 5 min. What is its velocity at 
the end of this thrust? 


42. An alpha particle (mass = 6.6 x 10-24 g) with a velocity of 3 x 107 
cm/s is subjected to a force of 107? dyne in the direction of its motion for 
1075 s. What is the resulting velocity of the particle? 


43. A 400-g glider on an air track is moving 10 cm/s when it is overtaken by 
a 600-g glider moving at 15 cm/s. The two gliders lock together. What is their 
speed after this collision? 


44. A 2000-Ib car traveling 60 mi/hr collides with a 6000-Ib truck going in the 
same direction at 30 mi/hr. The bumpers lock together. What is the speed of 
the locked-together cars immediately after the collision? 


45. An alpha particle moving east with a velocity of 105 cm/s scores a direct 
hit on a stationary proton. (The mass of an alpha particle is four times the 
mass of a proton.) The collision is perfectly elastic. What are the velocities 
(speed and direction) of the two particles after collision? 


46. A proton moving east with a velocity of 10° cm/s scores a direct hit on a 
stationary alpha particle. (The mass of an alpha particle is four times the mass 
of a proton.) The collision is perfectly elastic. What are the velocities (both 
speed and direction) of the two particles after collision? 

47. A 160-Ib man sits on a level frictionless surface. A friend throws him a 
1-Ib ball at a speed of 90 ft/s, which he catches and holds. (a) What is the speed 
of the seated man after catching the ball? (b) The seated man fumbles the 
catch; after escaping his hands, the ball proceeds in its original direction at 
30 ft/s. Now, what is the speed of the seated man? 

48. A bullet weighs 10 g and has a speed of 300 m/s. It is fired into a stationary 
5-kg block of wood on level frictionless ice, and remains imbedded in the wood. 
(a) What is the velocity of the block after contact? (b) Suppose the bullet passes 
through the block and emerges with a speed of 100 m/s and unchanged direc- 
tion. Now, what is the speed of the block? 

49. A 20-kg model rocket has an exhaust velocity of 2000 m/s. At what rate 
must it burn fuel to have an acceleration of 1 g? 
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50 Suppose the rocket in Question 40 has an exhaust velocity of 2500 m/s. 
At what rate must it burn fuel to develop its thrust of 10* N? 

51. A hose has a diameter of 8 cm, and delivers a jet of water through a 
nozzle 2 cm in diameter. Water flows through the hose at a speed of 1 m/s. 
What is the backward force of the nozzle? 

52. A fire hose is 3 inches in diameter and its nozzle is 1 inch in diameter. 
If the speed of the water through the hose is 10 ft/s, with what force must 
the nozzle be held to prevent it from flying backward? 

53. If the rocket ship of Question 40 were in open space away from perceptible 
gravitational forces, what would be the apparent "weight" of an astronaut 
aboard it during the described acceleration? The astronaut weighs 175 Ib on 
the earth. 

54. With what force would a 200-lb astronaut press against his couch in 
taking off in a Titan III-C rocket launch? 


BS. 
Equations of 
Rotational 

| Motion 


There are two ways in which a body can move. One type of movement, 
which we have already investigated, is called linear, or translational, 
and is a mere change in position. The other type is called angular, or 
rotational, movement, in which the body rotates about a line called an 


- axis. Many motions, of course, are a combination: of the two; a spiral 
,punt spins as it soars through the air, and the wheels of a car rotate as 
- they travel along the road. 


In translational motion, our basic measure is the distance traveled; 
jn rotation, we must start with the angle through which the body turns. 
It might seem good enough to measure this angle in degrees, or in terms 
of complete revolutions, but in practice the relationships and equations 
are much simpler and easier to comprehend if we use another unit called 
the radian (rad). 

Figure 5-1A shows what a radian is. Take a circle of any size and lay 
off along its circumference an arc equal in length to the radius of the 
circle. This arc measures an angle of 1 radian. Since the circumference 
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FIG. 5-1 The radian (A), 
and a rotating disk (B). 
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is 2nr, it is apparent that there are 27 radians in a full circle, or revolu- 
tion. 

Imagine a wheel of radius r, with a point C marked on its rim (Fig. 
5-1B). If we turn the wheel on its axis through an angle of 0 rad, point C 
moves in an arc through à distance d to a new position, C,. If 0 is 1 rad, 
the distance C-C, will equal r; if 0 is 2 rad, C-C, will be 2r. In general, 
d = Or; that is, the distance moved by any point on a rotating body 
is the angle (in radians!) through which the body turns, multiplied by 
the distance from the point to the axis of rotation. 

Linear velocity and angular velocity are similarly related. If our wheel 
rotates at a uniform rate through Ó radians in ! seconds, a point at dis- 
tance r from the axis will have moved through a distance Or in the same 
time /. The angular speed c is 6/t rad/s, and the linear velocity of 
point Cisv = 6r/t, From this we see thatv = cr. Further analysis would 
show that for a point at a distance r from the axis of a wheel whose 
angular speed is changing, the linear acceleration of the point along its 
curved path is r times the angular acceleration of the wheel, measured 
in radians/second?. Angular acceleration « is of course defined as the rate 
at which c changes, or Aw/t. Stated as an equation, a = or. Here are 
these three simple relationships tabulated: 


d=r0 v=ro acra 


By starting from basic definitions of angular velocity and angular 
acceleration, we can easily derive equations of rotational motion exactly 
as they were derived for translational motion: 


o, = @, + at 
0 = wt + dat? 
o = w? + 200. 


An applied force causes a mass to accelerate and move from one location 
to another. In the rotational analogy, an applied torque causes a body 
to rotate, and it seems apparent that there must be some properties of 
a rotating body we can use to find a relationship corresponding to F = 
ma. Let us investigate this by considering the simplest possible rotating 
body, as shown in Fig. 5-2. It consists of a rod (imagined to be massless) 
extending from an axis of rotation O to a small mass m, at a distance 
r from O. Now, to the mass m apply a force F, as shown. The torque 
tending to rotate the body around O is Fr. From Newton’s second law, 
a force F acting on a mass m will give it a linear acceleration of a = F/m. 
We know also that linear acceleration is related to angular acceleration 
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FIG. 5-2 A force applied to a small mass at the end of a massless rod causes it to rotate 
about the axis at O. 


by the expression a = ra. This gives two expressions for a, which we 
can set equal to one another: 


= ra 


Be 


from which 
F = mra. 


For rotational motion we need something including the torque t instead 
of force. We can get this simply by multiplying the equation by r: 


Fr = mr 
or 
t= mr 


The result is an equation exactly analogous to F = ma, except that 
instead of m we have mr?. This expression, the mass of a particle times the 
square of its distance from the axis of rotation, is called the particle’s 
moment of inertia and is usually designated by the letter Z. Our rotational 
form of Newton's second law thus becomes 


t= la. 


We have worked this expression out for a single small particle, but 
what of the rods and wheels and cylinders we are most often concerned 
with when we need to consider rotation? Any large body can be thought 
of as being made up of a large number of small particles. Each particle 
contributes its own small mr?, so the moment of inertia of the large body 
is the sum of the moments of inertia of the particles that make it up. 
For regularly shaped bodies of many sorts, the branch of mathematics 


Sphere Solid cylinder 


I= % MR? or disk 
[= % MR 
A B 
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Weight — 128 Ib 


Ruf 


Pull = tension T 
= 241b 


FIG. 5-4 Rotating 
cylinder given an angular 
acceleration by a 
24-pound pull on a cord 
wrapped around it. 


FIG. 5-3 Moments inertia of bodies of various shapes. 


known as calculus gives these sums, some of which are shown in Fig. 5-3. 

Without calculus, the only one of these we can satisfactorily confirm. 
is the thin-walled hollow cylinder. If we consider the cylinder to be 
made of a multitude of small pieces of mass m, each small piece is the 
same distance R from the axis of rotation, and each has the same moment 
of inertia /R?. If all these small moments of inertia are added together, 
the sum is clearly R? times the sum of the small masses, or MR?, where 
M is the total mass of the cylinder. 


As an example of how to use moment of inertia in the rotational form 
of Newton's second law, consider a solid cylinder on a frictionless axle, 
similar to that shown in Fig. 5-3B. The weight of the cylinder is 128 Ib, 
and it is 6 inches in diameter. A steady pull of 24 Ib is exerted on a cord 
wrapped around the cylinder (Fig. 5-4). Starting from rest, how long 
a time will it take the cylinder to make 12 revolutions? We can first 
determine its angular acceleration from t = Ja, keeping a careful eye 
on units. If we use torque in lb-ft (not Ib-in., because the distance unit 
must be the same as the distance unit in g, which we will take as 32 
ft/s?), then the mass must be taken in slugs. This gives us 


t = In = 3MR'a 
24x4-— 3o gf irate xx 
a = 48 rad/sec?. 


Once we have a, the rest is easy, for 12 revolutions is 12 x 2x = 24x 
rad; and from @ = 4at?, 


24n = 3 x 481? 
i2 m 
Qj ATES. 
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a cord wrapped around it. 


At first glance, it might appear that in the last example we could get 
the steady 24-Ib pull we want by merely hanging a 24-Ib weight on the 
end of the cord. A closer look, however, will convince us that this is not 
true. Figure 5-5 sketches the situation. If the axle of the cylinder is 
clamped so that it cannot turn, the weight will be motionless and the 
cord tension T will be 24 Ib. But if the cylinder is free to turn on fric- 
tionless bearings, it will begin an angular acceleration, and the weight 
will have a linear acceleration downward. Let us look at just the descend- 
ing weight, which is isolated in the dashed circle. It has a downward 
acceleration a, caused by the net force 24 — T, so the cord tension 
must be less than 24 Ib. F = ma gives us 

24- T- e a- a 4 
32 4 
The torque of force T is what causes the cylinder to have an angular 
acceleration, and we can write another equation: 


t = In = {MPa 


AT = 4 x WE x Ya = de 
from which 
a = 2T. 


We cannot solve two equations for three unknown quantities, but for- 
tunately we know that a = ra, which gives another relation between the 
unknowns: 


a=ta 
or 
a“ = 4a. 


Substitution into the equation « = 2T gives us 


4a = 2T 
T = 2a. 


Another substitution into the first equation gives 


24 — 2a = ja 
from which 
a = 8.73 ft/s? 
and 
T = 17.5 lb. 
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FIG.5-6 Centripetal 
acceleration of a body 
moving in a circle at 
constant speed. 


Velocity, we have noted before, is a vector quantity. So far, we have 
considered only accelerations caused by a change in speed, but a vector 
can also be changed by changing its direction. . 

Figure 5-6 shows such a case. It represents a mass m at the end of 
a massless rod of length r, which rotates at constant speed about the axis 
OO’ (Fig. 5-6A). A view looking down from the top is shown in Fig. 
5-6B. Let us say that in a short time t, m moves from A to B through 
an angle 0. Its velocity will have changed from v, to v; during this time, 
a change in direction only; the speed is constant, so the length of the 
vector remains the same. Figure 5-6C shows a graphical determination 
of the change in velocity that has occurred. The velocity Av must be 
added to v, to produce vz; thus Av represents the change in velocity 
during time t. 

Notice that the triangle OAB is similar to the 'triangle formed by 
the vectors v,, v2, and Av, because the angle 0 is the same in both. In 
similar triangles (i.e., triangles of the same shape), corresponding sides 
are in the same proportions, so we can write 


Av _ AB ut 
v r r 
2 

AP 


(The subscript has been dropped from the » because we are now dealing 
with magnitudes only; since v, and v; are the same length, we do not 
need the subscripts to distinguish them.) 

Acceleration a we have defined as the rate of change of velocity. The 
change Av has occurred in the time f, so its rate of change is 


In some problems, it may be move cónvenient to use the angular 
speed w rather than the linear speed v. We can make this change easily 
by substituting cr for v, giving us 

a= or. 


li 
j 


Since a is a vector, we must also determine its direction. If, in Fig. 
5-6C, we make the time interval, and hence also the angle 0, smaller and 
smaller, v, and v, become practically parallel, and Av becomes per- 
pendicular to either velocity (or to both) Thus Av, and accordingly 
a also, point directly inward toward the center of the circle. 

There can be no acceleration without a force to cause it, and we see 
at once that the center-directed acceleration of our mass is caused by 
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the constant inward pull of the rod on which it is mounted. The force 
that the rod exerts on the mass is called the centripetal force; there is, 
‘of course, an equal and opposite centrifugal force that the mass exerts 
on the rod. The magnitude of these forces comes from our old friend: 


2 
mv 

F=ma; F=— or F= mro. 
r 


As an example, consider an ultracentrifuge 10 cm in diameter, 
spinning 1000 rev/s. In this device, r = 5 cm and w = 2x x 1000 = 
6.28 x 10? rad/s. For the centripetal acceleration of its contents we have 


a= ro! = 5 x (6.28 x 10)? = 1.97 x 10? cm/s?. 


This is 1.97 x 105/080 = 2.01 x 10° times the normal acceleration 
due to gravity, and it would be described as 2.01 x 10° g. 

A more familiar example is that of a car rounding a curve. Let us 
take a 1500-kg car making a turn of r — 40 m on a level, unbanked road. 
The coefficient of friction between tires and road is 0.50. How fast 
can the driver try to make this curve? Figure 5-7A illustrates the situation. 
The force F necessary to give the car its centripetal acceleration comes 
from the force of friction between the tires and the road. 


F = umg = 0.50 x 1500 x 9.8 = 7350 N. 
We can find his maximum permissible speed by setting this F = mv?/r: 


2 
7350 = 15000" 
40 


v? = 7350 x pel 196 
1500 


v = 14.0 m/s. (about 31.3 mi/hr.) 


Ata speed higher than this, the F = yung will not be able to accelerate 
the car inward enough for it to follow the curving roadway. The driver 
then has à choice—he can steer the car in a circle of greater r than the 
road, and thereby drive off the road to the right; or allow friction to do 
its inadequate best, and skid off the road to the right. 

To permit higher speeds on turns, roads are often banked, or tilted. 
Figure 5-7B shows a section through a banked turn. The force F exerted 
by the roadway on the car must do two things: Its vertical component F, 
must support the vertical weight of the car, mg; its horizontal component 
T, must provide the necessary centripetal force mv?/r. If the total F is 
perpendicular to the road, it will have no component parallel to the road, 
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FIG.5-7 Ona banked curve, at the speed it was designed for, the total force. 
of road against tires is perpendicular to the banked roadway. 


and therefore no sideways friction between tires and road is needed. 
For this to be true, the road is banked at an angle 6, so that 


Fy m? ^v 


In the preceding section, only the center-directed centripetal force was 
mentioned—in fact, this was all that was needed to explain the behavior 
of bodies moving in curved paths. What of the “centrifugal force" we so 
often speak of? The “-fugal” is from the same root as “fugitive,” and 
centrifugal force means a force directed away from the center of rotation. 
Figure 5-7B shows the force F exerted on the car by the road. From 
Newton's third law, we know there is an equal and opposite force 
exerted on the road by the car, This force does have a centrifugal hori- 
zontal component, but it is exerted on the road, not on the car. 
Consider a man driving a car, with a smooth package on the seat 
beside him. As he makes a sharp left turn, the package slides across the 
seat to the right. From our point of view, standing by the roadside, the 
reason for this behavior is obvious: The friction against the seat is not 
enough to provide the package with a centripetal force that will cause 
it to follow a path with the same radius as the car. Instead, it follows 
a curve with larger r, and accordingly moves across the seat to the right. 
The man in the car, however, sees the package slide to his right 
whenever he makes a left turn—this is a motion away from the center of 
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his curved path. He would like to be able to apply Newton's F = ma in 
his car as well as in the laboratory. The only way he can do this is to say 
there is a centrifugal force acting on the package. If he bothers to do a 
little experimenting, he will find that this hypothetical, or fictitious, force 
is exactly F = mv?[r. The need for this fictitious centrifugal force arises 
because he wants to refer the motion to the car, which is itself accelerat- 
ing. There is nothing unreal or illegal about this—if you want to use an 
accelerated frame of reference, it will merely be necessary to introduce 
such fictitious forces* in order to make things follow the laws of physics. 


Because work is required to make a heavy wheel spin and because 
the spinning wheel can be made to do work, it is apparent that kinetic 
energy is stored in a rotating body in much the same way that it is 
stored in a body having translational motion. To calculate the KE of a 
rotating wheel, we need only add the KE’s of all the small particles that 
we consider the wheel to be made up of. Look back to Fig. 5-2 and 
imagine the mass m to be one small particle of a wheel revolving about 
axis OO’. If this small particle is moving at a linear speed v, its KE is 
Amv. 

It would be very difficult, however, to add up the KE’s of all the 
particles of the wheel if they were expressed in terms of v, because the 
speed of each particle depends on its distance from the wheel’s axis of 
rotation. 

We can get around this difficulty by converting our expression for 
KE into one in terms of œ, because the angular speed is the same for all 
the particles of a rotating body: 


VIO, 0-80. 0? — r?o. 
Then 
KE = 4m? 
becomes 
KE = 3mr?o? = Mo. 


Here the J is the moment of inertia of the whole rotating body, as given 
in Fig. 5-3, and we have an exact analog of the KE = mv? used in 
translational motion. 

In investigating the mechanics of translation, we saw that a body 
could be given energy—either potential or kinetic—by doing work on 
it. The same ideas apply to rotation. Of course, a body cannot be given 
gravitational potential energy merely by rotating it, but there are other 
forms of potential energy. You do work when you wind your watch 


* In addition to centrifugal force, there is another fictitious force arising in rotational 
motion. This is the Coriolis force, which we will look at briefly in the chapter on geophysics. 
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and this is stored as PE in the wound-up spring. Work done in rotation 
is measured by the analog of force x distance—that is, torque x angle: 


W = «0 (0in radians, naturally !). 


To give a moving body a certain amount of kinetic energy, we must do 
an equal amount of work on the body: Fd = 43mv?. Similarly, to give a 
rotating wheel, for example, a certain amount of rotational kinetic 
energy, we must also do an equal amount of work: 70 = do. 

Let us use the idea of rotational kinetic energy to compare the speeds 
with which a hoop and a solid disk reach the bottom of a slope. Figure 
5-8 shows the hoop and disk ready to start their trip down, a journey 
that will consist of both rotation and translation. If no energy is lost 
in friction, the KE at the bottom of the slope must equal the PE at the 


- top, or 
1Mw) + 4o? = Mgh. 
For the hoop, 
I- MR 
so 


4Mv? + 3MR?o* = Mgh. 


The mass of the hoop cancels out, which tells us that whether it is a 
wooden hoop or a lead hoop of the same size makes no difference, so that 


fo? + 4R’a? = gh. 


We are not through yet, since we know that v = œR. Thus Rio? = v, 
and the equation becomes 


vy = gh or oy = gh. 


FIG.5-8 Hoop and solid cylinder ready to race down an inclined plane. 
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The Gyroscope 


We see now that R has vanished, as the mass did, so the size of the hoop 


has no effect on the speed. A hoop made of paper, a hoop made of iron, 
a small hoop, and a large hoop will all roll down the slope side by side. 
If you do the same computation for the solid disk, whose moment of 


inertia is 3M R?, you will find that 
On. = sgh. 


Therefore, the solid disk, which travels faster than the hoop, will reach 
the bottom first. How will a rectangular block do in this race, if it slides 
down the slope without friction? 


Just as linear momentum was defined as mv, so angular momentum, which 
is the momentum a body has because of its rotation, is defined as Jw. 
Newton’s third law of action and reaction applies to torques as well as 
to forces, and the law of conservation of angular momentum can be 
proved in the same way as conservation of linear momentum. 

The conservation of angular momentum can be very easily demon- 
strated by a student standing (or sitting) on a nearly frictionless rotating 
platform (Fig.. 5-9A). Someone sets her spinning at a moderate speed 
that will presumably stay constant until it is gradually diminished by 
the unavoidable torque of friction. But if the passenger extends her 
arms (Fig. 5-9B), she at once slows down; when she returns her arms to 
their original position, she regains her former speed (Fig. 5-9C). The 
principle of conservation of angular momentum tells us that (neglecting 
the effect of the torque of bearing friction) the product Jw remains 
unchanged. So, when the rotating student increases her moment of 
inertia by extending her arms, her angular speed diminishes in the same 
proportion; when she reduces J, œ must immediately increase to keep 
the product Jw constant. 

Spaceships will occasionally need to reverse the direction in which 
they point in flight—when, for instance, they want to come in for a 
landing on Mars tailfirst with their rockets blasting in order to brake 
the ship to a gentle stop. It has been suggested that this could be done 
by mounting a heavy wheel on an axis perpendicular to the axis of the 
ship. If the wheel is set rotating, the ship must rotate in the opposite 
direction so that the total angular momentum will continue to add up to 
zero. (The ship will turn much more slowly than the wheel, of course; 
since its J is enormously larger than that of the wheel, its o must be 
correspondingly smaller.) When the ship has rotated far enough, one 
need only stop the wheel and.the ship must also stop rotating. 


A gyroscope is merely a massive wheel that can be set spinning at high 
speed. It is generally mounted in low-friction bearings on a frame so 
that it can be moved and handled while spinning. Its behavior may seem 


Large I: 
Small w: 


FIG. 5-9 Demonstration 
thet the angular momen- 
tum of a rotating body 
remains constant when no 
external torque is applied. 


. strange—ads for toy gyroscopes say “Fantastic!” and “Defies Gravity!" 


A closer look, however, will show that it is merely following the rules, 
like everything else we encounter. 

Let us first consider a translational analog. Figure 5-10A shows a 
force F that is applied for a short time /, representing an impulse Ff. 
This impulse equals the change in momentum, Ap, given to any body 
to which it is applied. Figure 5-10B shows this impulse applied to a 
stationary body of mass m; it gives it a momentum mw = Ft in the 
direction of F. Now (Fig. 5-10C), apply it to the same body moving with 
velocity v,. The Ap vector, added to the initial momentum mv,, gives 
a changed momentum mv,. We have changed its direction by the small. 
angle 0, which we can measure as Ap/mv radians. 

Vectors can be similarly used to represent characteristics of rotational 
motion. To do this, we use the right-hand screw rule. Imagine turning an 
ordinary screw in the direction a wheel is rotating; the vector representing 
o points in the direction the screw would move, and is parallel to the 
axis of rotation. Alternatively, you can curl the fingers of your right hand 
to follow the rotation; your extended thumb will give the direction of the 
vector œ. Figure 5-11A shows a spinning wheel with its axle supported 
at one end in a bearing that is free to rotate about the stand on a vertical 
axis, and that can also pivot freely about the horizontal axis HH’. The 
right hand above the drawing has its fingers curled in the direction the 
wheel is spinning—the thumb shows the direction of w. The screw, 
turned in the direction of spin, would be driven forward, to again give 
the same direction for the vector o. The weight of the wheel, mg, produces 
a torque rotating clockwise around HH', as viewed from the lower 
right. The right-hand, or screw, rule applied to this torque about HH 4 
gives the direction of the vector T as indicated. Since J and 1 are both 
scalars, an impulse tf is in the same direction as t, and the angular 
momentum of the wheel, Ja, is in the same direction as c. 

Now let us set the wheel to spinning and see what will happen. 
Iw, (Fig. 5-11B) is its initial angular momentum. Upon release of the 
axle, the torque t = mgd is immediately applied. We can find what the 
effect of t will be after some short time f: It will have produced an 
angular impulse tf (analogous to a linear impulse Ft). This impulse is 
equivalent to a change in angular momentum Ap, which must be added to 
the initial angular momentum Zc,. Figure 5-11C shows how this leads to 
a new angular momentum Jwz. Since the angular momentum of the 
spinning wheel lies along its axle, this means that the axle must have 
rotated in a horizontal plane through 0 radians in the time t. The rotation 


_ of the axle in this way is called precession, and Q, the angular speed of 


precession, is thus Q — 0/t. From Fig. 5-11C, the angle 0 in radians is 
seen to be tt/Iœ. This gives 


E ELT P 
loxt lo. 
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Force F 2 for time t 
FIG. 5-10 An impulse (Ft = Ap) changes the direction of the ball's momentum. 


The torque does mof cause the spinning wheel to drop, but to swing 
around (in our example) in a counterclockwise direction, viewed from 
the top. - 

If we assume the wheel, which has a heavy rim, to be almost a hoop, 
we can figure its moment of inertia as MR?. For a 500-g wheel 5 cm 
in radius, J would be 12,500 g-cm?. If the distance d is 4 cm, t is 4 x 
500 x 980 = 1,960,000 dyne-cm. A reasonable rotational speed would 


~ be 1800 rev/min, or 1800 x 27/60 = 188 rad/s. Under these condi- 


tions, we could confidently predict that the wheel would precess at the 
rate of 1.96 x 10°/(1.25 x 10* x 1.88 x 10?) = 0.835 rad/s. 


FIG. 5-11 An angular impulse (tt = A/a) changes the direction of angular momentum, 
and causes gyroscopic precession. 


Questions 


1 "Through how many radians does the earth rotate between noon at 
Greenwich (0° longitude), and noon at Denver (105° west longitude)? 

2. A wheel has 12 equally spaced spokes. What is the angle between adjacent 
spokes, in radians?. 
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3. (a) What is the angular speed of the earth’s revolution around the sun, 
in rad/hr? (b) With this figure, determine the earth’s orbital speed, taking the 
radius of its orbit to be 93 x 10° mi. 

4. (a) What is the angular speed of the earth's rotation about its axis, in 
rad/hr? (b) With this figure determine the linear speed of a point on the 
earth's equator, using 8000 mi as the earth's diameter. 

5. A centrifuge 10 cm in diameter rotates at 30,000 rev/min. (a) Convert this 
angular speed to rad/s. (b) What is the linear speed of the rim of the centrifuge? 
6. A grinding wheel 8 inches in diameter rotates with an angular speed of 
2400 rev/min. (a) Convert this angular speed to rad/s. (b) What is the linear 
speed of the rim of the wheel, in ft/s? 

7. The centrifuge in Question 5 takes 4 min to attain its final speed. What is 
its average angular acceleration, in rad/s? 

8. In Question 6, the wheel requires 4 s to obtain its final speed. What is its 
average angular acceleration, in rad/s?? 

9. A dental drill accelerates from rest to 9000 rev/min in 2 s. (a) What is its 
average angular acceleration? (b) How many revolutions does it make in 
coming up to full speed? 

10. A wheelaccelerates uniformly at 60 rad/s?. Through how many revolutions 
does it turn to attain a speed of 3000 rev/min, starting from rest? 

11. What is the moment of inertia of a 160-Ib solid cylinder 2 ft in diameter? 
12. What is the moment of inertia of a 10-kg sphere 30 cm in diameter? 

13. A slender rod 2 m long has a mass of 8 kg. What is its moment of inertia 
about an axis perpendicular to the rod at one end? 

14. What is the moment of inertia of the rod in Question 13 about an axis 
perpendicular to the rod through its center? 

15. A circular saw (which can be considered to be a very short solid cylinder) 
is 8 inches in diameter, and weighs 4 Ib. What torque is required to give it an 
angular acceleration of 80 rad/s?? 

16. A cylindrical grinding wheel has a mass of 3 kg and is 20 cm in diameter. 
(a) What is its moment of inertia? (b) What torque will be required to give it 
an angular acceleration of 120 rad/s?? 

17. An irregular 5-kg wheel is given an acceleration of 10 rad/s” by an applied 
torque of 2 x 107 dyne-cm. What is the moment of inertia of the wheel? 

18. It is found that a torque of 8 oz-in. gives an irregularly shaped wheel an 
acceleration of 2 rad/s”. What is the moment of inertia of the wheel? 

49. What weight would have to be suspended from the cord of Fig. 5-4 in 
order to produce a 40-Ib tension in it? 

20. Refer to Fig. 5-4. What weight would have to be suspended from the 
cord in order to produce the 24-Ib tension shown? 

21. A 2560-Ib car rounds a level 300-ft radius curve at 40 mi/hr. With what 
frictional force must the paving press the tires toward the inside of the curve? 
22. A 50-ton locomotive goes at 45 mi/hr around a curve whose radius is 
800 ft. With what force do the rails press against the flanges of the wheels? 
23. The mass of the moon is about 7.4 x 1025 g and the radius of its orbit 
around the earth is about 3.8 x 10° km. It makes one revolution around the 
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earth in 27.3 days. (a) What is the force of gravitational attraction between 
earth and moon? (b) How much is this, in metric tons? 

24. The mass of the earth is very nearly 6 x 1077 g and the radius of its 
orbit around the sun is about 1.50 x 10!? cm. (a) What is the force of gravita- 
tional attraction between earth and sun? (b) How much is this, in metric tons? 
25. A small mass hangs from a thread 30 cm long. The mass is struck and 
given an initial velocity v that will carry the mass around in a vertical circle 
just fast enough so that the string will not become limp at the top of the circle. 
What is the required value ofw? Let us lead up to this with a few intermediate 
questions: (a) What will be the necessary speed v; at the top of the circle? 
(b) What is the KE of the mass at the top? (c) What is its PE? (d) What, then, 
must be the KE + PE at the bottom of the circle? (e) What is the PE at the 
bottom? (f) What KE must it have at the bottom?'(g) What speed must it have 
at the bottom? 

26. On Planet Z, whereg — 8 m/s?, a small mass hangs from a thread 20 cm 
long. The mass is struck and given an initial velocity v that will carry the mass 
around in a vertical circle just fast enough so that the string will not become 
limp at the top of the circle. What is the required value of v? (See Question 25, 
if necessary.) 

27. Patrons of a certain amusement park concession stand with their backs 
against the wall of a cylindrical room 12 ft in diameter. The room rotates 
about its central axis with increasing speed until a certain angular velocity is 
reached. The operator then lowers the floor, and the patrons remain in position 
against the wall, held there by friction. What angular velocity must the room 
have, if u = 0.30? 

* A small carousel is 4 m in diameter and rotates once in 10 s. If we place a 
wood block on the floor at the outer edge of the carousel, will it stay in place 
or be flung off, if its coefficient of friction is 0.10? 

* A sphere 10 cm in diameter has a mass of 3 kg, and rotates at 5 rev/s. 
What is its rotational KE? 

30. A 10-kg cylinder 12 cm in diameter rotates about its axis at an angular 
speed of 2 rev/s. What is its rotational KE? 

31. What will be the velocity of a rolling sphere, in terms of the height of a 
slope down which it rolls? 

32. What will be the velocity of a sliding frictionless block, in terms of the 
height of a slope down which it slides? 

* A solid cylinder rolls down an inclined plane without slipping. What 
fraction of its KE is translational? rotational? 

34. A hoop rolls down an inclined plane without slipping. What fraction of 
its KE is translational? rotational? 

35. A student with arms extended horizontally stands on a rotating platform, 
and is given an angular speed of 1 rev in 1.5 s. In this position, his / is 3 slug-ft?. 
He brings his arms straight down at his sides, and speeds up to L5 rev/s. 
What is his 7 in his latter position? 

36. A student standing on a ball-bearing platform with his arms at his sides 
has an / = 2 slug-ft?. He is given an angular velocity of 1 rev/s; he then 
extends his arms out horizontally, increasing his J to 4 slug-ft?. What is his 
angular velocity with arms extended? 
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37. In Question 35, does the student have the same KE in both positions? 
If not, explain. 

38. Compare the student's rotational KE in his two positions of Question 36. 
If there is a change in KE, how do you account for it? 

39. A spaceship has a moment of inertia about its center of 8 x 109 kg-m?. 
The direction in which it points is controlled by a wheel with a heavy rim 
having a mass of 100 kg and a mean radius of 50 cm. How long will the wheel 
have to be rotated at 600 rev/min in order to rotate the ship by 90°? (Note that 
this can have no effect on the direction in which the ship travels.) 

40. Two wheels are mounted side by side on the same axle. Wheel A, whose 
moment of inertia is 5 x 105 g-cm?, is set spinning at 600 rev/min. Wheel B, 
with a moment of inertia of 2 x 10° g-cm?, is stationary. A clutch now acts to 
join A and B so that they must spin together. (a) At what speed will they rotate? 
(b) Suppose the clutch acts gradually. Will the end result be the same as though 
they were joined suddenly? (Assume the bearings are frictionless.) (c) How 
does the rotational KE before joining compare with the KE afterward? 
(d) What torque will the clutch have had to transmit if A makes 10 revolutions 
relative to B during the operation of the clutch? 

41. Some planes (now obsolete) had massive engines that rotated counter- 
clockwise as viewed by the pilot sitting behind them. When the plane nosed 
down to go into a dive, would it swing to the left or to the right as a result of 
gyroscopic action? 

42. If the crankshaft and flywheel of a car rotate clockwise when viewed from 
the driver’s seat, will the car tend to nose down or nose up when the car makes 
a right turn? 

43. In the gyroscope of Fig. 5-11, as described in the last paragraph of Section 
5-8, slide the wheel on its axle so the distance dis 3 cm. How fast (in rev/min) 
will the wheel have to spin in order to precess one revolution in 10 sec? 

44. In the gyroscope of Fig. 5-11, as described in the last paragraph of 
Section 5-8, we slide the wheel on its axle until the rate of precession is just 
1 rev in 10 s. What value does the distance d need to have? 
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This gives us for the moon's centripetal acceleration toward the earth 


rw? 


3.84 x 108 x (2.67 x 1079)? 


a 


= 274 x 107? mjs?. 


In the latter part of the seventeenth century, Newton did calculations 
similar to the ones above and made the proposal (very radical and con- 
troversial at the time) that the moon’s earthward centripetal acceleration 
is caused by the same force that causes an apple to accelerate earthward 
when falling from a tree. The acceleration of the falling apple—g, which is 
about 9.80 m/s? or 980 cm/s?—is much greater than the moon's earth- 
ward acceleration that we have just figured, but it seemed reasonable to 
Newton that the earth's force of gravitational attraction should become 
weaker with increasing distance. In fact, the figures can be quite satis- 
factorily reconciled by assuming that the gravitational pull decreases in 
proportion to the square of the distance from the earth's center; i.e., at 
twice the distance, the force is one-fourth as great; at three times the 
distance, it is one-ninth as great, etc. 

The falling apple is 6380 km from the center of the earth, and the 
moon, at an average distance of 384,000 km, is farther by factor of 
60.2. We should expect that the acceleration of the moon would be small- 
er than that of the apple by a factor of 60.27, or 3624. The fraction, 
9.80/3624, equals 2.70 x 107° m/s”, a figure that checks very closely with 
the 2.74 x 1073 m/s? we obtained from purely geometrical considera- 
tions of the moon's orbit. (The agreement would have been exact if we 
had not avoided mathematical difficulties by neglecting a minor complica- 
tion. In figuring the centripetal acceleration of the moon, we tacitly 
assumed the earth to be stationary while the moon circled around it; 
actually, both the moon and the earth revolve around their center of 
gravity, located about 3000 mi from the earth's center.) 

Newton also tested his ideas on the orbits of the planets around the 
sun and finally proposed his famous /aw of universal gravitation: Every 
particle of matter in the universe attracts every other particle with a force 
proportional to the product of the masses of the particles, and inversely 
proportional to the square of the distance between them. 

In shorter algebraic form, 


p.gmm | 
d? 


In Newton's day, it was not possible to evaluate the proportionality 
constant G, because the force of attraction between any masses that can 
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be handled in the laboratory is very small indeed. A century after New- 
ton, Henry Cavendish used a special type of balance to determine the 
value of G by measuring the force of attraction between known masses. 
Later more accurate work has given us the values 


G = 661 x 10-1! N-m?/kg? in MKS units, 
or 
G = 6.67 x 107? dyne-cm?/g? in CGS units. 


This means that two 1-kg masses 1 m apart will attract each other with a 
force of 6.67 x 1071! N; or that two l-g masses 1 cm apart will attract 
each other with a force of 6.67 x 107° dyne. 

Once G is known, the mass of the earth can be readily determined. 
The force of attraction between the earth and a 1-kg mass is known to be 
the weight of the kilogram, which is about 9.80 N. The 1-kg mass is 
separated from the earth’s center by the earth’s radius, 6.38 x 10° m. 
Substituting these values in the equation, we get: 


6.67 x lO !! x 1x m, 
(638 x 10°) 


m, = 598 x 10% kg = 5.98 x 10?" g. 


9.80 — 


A handbook informs us that the planet Mars has a mass 0.1065 times the 
mass of the earth; its radius is 3430 km, or 3.43 x 10° m. Consider an 
astronaut who, with all his equipment, weighs 250 Ib on the earth. What 
will he weigh when he sets foot on Mars? One perfectly straightforward 
method is to calculate the attraction between man and Mars. For data we 
have: Man = 2501b x 0.454 kg/lb = 1.135 x 10? kg; my, = 5.98 x 
1024 x 0.1065 = 6.37 x 1023 kg. The distance between them is the 
radius of Mars, r = 3.43 x 10° m. This gives us 


_ 6.67 x 107!! x 1.135 x 10? x 637 x 102? 


Weight — F 
di (3.43 x 10°)? 


= 410 N. 


In order to make a comparison with the astronaut’s earthly 250 Ib, 
newtons must be converted to pounds: 


ei own se Ib Lo 
930 N * 0.454 kg 


By using a little more reasoning and a little less arithmetic, we can 
arrive at the same answer by a different route. Let us consider separately 
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the two factors responsible for the change in weight: Mars' different 
mass, and its different radius. If Mars were the same size as the earth, 
its smaller mass would make the man weigh only 0.1065 x 250 Ib. 
And if Mars and the earth differed only in size, the astronaut would be 
closer to the center when on Mars, which would make him weigh more. 
This distance factor would be (6.38 x 10°/3.43 x 109)?. (Since we know 
the decreased distance will increase his weight, we need only to see that 
the larger radius is in the numerator, to make the fraction greater than 
1.) Combining the two gives 


0.1065 ies x 10$ 


2 
Weight = 250 x ——— x (25 —— | = 92.11b. 
1 3.43 x 10° 


(Note, however, that although his weight is less on Mars, his mass is 
unchanged.) 


Consider a satellite circling the earth in an orbit of r — 10* km. At what 
speed is it traveling? Since it is moving in a curved circular path, it must 
have a centripetal acceleration directed toward the center of its orbit. 
It seems apparent that the centripetal force causing this acceleration is 
the gravitational attraction between satellite and earth. This can easily be 
stated algebraically: 


Centripetal force = gravitational attraction 


where m is the mass of the satellite, M is the mass of the earth, and r is the 
radius of the orbit. A little canceling of m’s and r’s gives 


We can now answer the original question, which gave r to be 10* km, 


or 107 m. 
.. [661 x 10-** x 5.98 x 107* 
ES 10? 


= 4399 x 10° = 632 x 10° m/s 


= 632 km/s. 
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It is worth noticing that m, the mass of the satellite, cancels out, and 
thus has no effect on the velocity needed for this particular orbit. The 
speed v is the same whether the satellite has a mass of a gram or a million 
tons. G and M are of course constants, so, for any satellite circling the 
earth, r is the only variable factor determining v. (Or we could put it the 


_ other way—that v determines r.) 


If we look at two satellites (of the same central body), we see that 
for larger r, the fraction under the radical sign is smaller, so v is also 
smaller. The larger the orbit, the more slowly the satellite moves. 

The period of a satellite is the time it takes to make one complete 
revolution around the central body. Figure 6-1 shows the orbits of the 
planets Earth and Mars. The orbit of Mars is larger than that of the 
earth, so we know that vy is less than dg. It is also obvious that Mars 
has a longer distance to travel in its period, Ty, than the earth does in its 
period, Tg = 1 yr. Thus Mars, moving more slowly than Earth, and also 
having a longer distance to go, must necessarily have a period greater 
than an Earth-year. 

In the seventeenth century, a remarkably simple relationship between 
rand T was discovered by Johannes Kepler. We will look at this relation- 
ship in more detail later in the chapter. 


It is easy to visualize the kinetic energy of the moon or of a satellite 
hurtling at high speed about the earth. We must not overlook, though, 


. the fact that these bodies also have potential energy as well as kinetic 


energy. In our previous dealings with gravitational potential energy, 
it was necessary only to multiply the weight of a body by the height 
it was lifted above some chosen reference plane: The distances involved 


FIG. 6-1 Orbits of Earth and Mars. 


condi 
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have been small enough for us to consider the pull of gravity to be con- 
stant. When we deal with distances of thousands of miles above the 
earth's surface, however, the pull of gravity is materially reduced, and 
this reduction must be taken into account. 

Let us take the general case of two masses, M and m, and derive an 
expression for the work we must do against their gravitational attraction 
if we want to separate them. Figure 6-2 shows M and m; we shall com- 
pute the work needed to move m from point a to point f by dividing the 
whole distance into small steps and figuring the work for each small 
step separately. 

The gravitational attractive force when m is at a will be GMm[r2, 
where G is Cavendish's gravitational constant. At b, the force is GMmlr?. 
If we take the average of the force at a and the force at b and multiply the: 
average by the distance ab, we should get the work required to move m 
from a to b. There are several ways to take an average, and a calculus 
analysis of this problem shows that the proper one to use is the geometrical 
average. To find this average we multiply the forces together, and take 
the square root of their product. 

By this method, we find that the average force between points a and 
b, which we can call Fy», is 


GMm | GMm | GMm 
Fy = | LAGU. i 
ra T L^ 


The work done in moving m from a to b will be the force times the dis- 
tance, which is 


Wav = Fury — Fa) 


FIG.6-2 The work done in moving apart masses that gravitationally attract each other. 
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Similarly, the work done in moving m from b to c is 


and so on until we reach point f. 

We can now find the total work by adding all these pieces together. 
(Since each expression is multiplied by the factor GMm, let us lay GMm 
aside, and try not to forget to put it back when we are finished.) This 
gives 


iiral 
ong 
Eo 
Fas ahs 
Y quon 
FLUR, 
M iil 
Ta Te 
A ana 
Te Te 
120:0r0-1- 1-1. 
T. Fr. Tr 


So, putting our laid-aside factor back, 


Wa = amm (= - pj 
ls Tr, 

With the expression above, we are able to compute the work needed 
to move m from any distance r, from M, to any other distance ry. The 
expression gives a somewhat surprising answer to the question, “How 
much work would be needed to move m to an infinite distance away?" 
The unthinking snap-judgment answer—“an infinite amount of work, of 
course"—sounds reasonable but is actually very wrong. Because of the 
inverse-square law of gravitation, as we go out farther and farther from 
any attracting body, the force gets small more rapidly than the distance 
gets large. As a result, the question has a definite, finite answer. As m 
is moved farther and farther away, rp becomes increasingly large, and 
1/rę becomes smaller and smaller. At rp = oo (oo is the mathematician's 
symbol for infinity), 1/r becomes 1/oo, or zero. Tite amount of work 
needed to move m from point a to an infinite distance away thus becomes 
simply 

Woe GMm 


Ta 
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In order to find a value for the potential energy, we must select a 
zero from which to measure it. The universal choice—because it makes 
the arithmetic so simple—is to call the PE zero when M and m are 
separated by an infinite distance. Since we must do work equal to 
GMmj[r to increase their separation from r to oo, the PE at distance r 
must be negative: 

PR ST 
r 


The kinetic energy of the orbiting satellite is of course m^. In 
Section 3 it was shown that v? = GM/r; substituting this for v? gives 


GM _1GMm 


kre! 
2 r QUO 


The total energy is merely PE + KE: 


Ewin = PE KE 


1 _ _16Mm 
r 2 MF DIEI 
The choice made for PE = 0 at infinity leads to simple expressions 
for the energies of a satellite. 
Evia (negative) = KE (positive) 
= jPE (negative) 
PE (negative) — 2KE (positive) 
= 2E, (negative) 
KE (positive) = Ey. (negative) 
4PE (negative). 


A great deal has been written in popular articles about escape velocity. 
It is an important concept now that man has embarked on an exploration 
of the solar system. Escape velocity from the earth is given as about 
7 mi/s, and is commonly defined as the speed a projectile must have in 
order to “break the bonds of gravity" or to “escape the earth’s gravita- 
tional pull.” Since the earth’s gravitational pull extends to infinity 
(however weak it may be at great distances), escape velocity is apparently 
the speed a projectile must have at the earth’s surface in order for it to be 
projected an infinite distance into space. 

The work needed to move a projectile from the earth’s surface 
(r distant from the earth’s center) to infinity is GMn/r. Or we could 
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say that we must increase its PE from —GMn]r to zero, which is the 
same thing. This needed energy must come from the kinetic energy of the 
projectile, so we have 


GMm 1, 2 

) = mv 
T 2 

2 _ 2GM 


The letter M, of course, is the mass of the earth, which is 5.98 x 1074 
kg. The fact that m cancels out of the formula shows that escape velocity 
is the same for bodies of all masses; whether they are molecules of the 
upper atmosphere or spaceships makes no difference. The radius of the 
earth, 6.38 x 10° m, is represented by r., and Cavendish's gravitational 
constant G is 6.67 x 107! in the MKS units we have used for M and r,. 
By substituting these values in our equation we find 


=li 24 
Ea 2 x 6.67 x 1071! x 598 x 104 _ 12.5 x 107 
6.38 x 10$ 


and 
1.12 x 10* m/s 
11.2 km/s 


< 
[i 


or 


11.2 x 0.6214 — 6.96 mi/s. 


The velocity needed to escape from another planet will in general be 
different from the 7 mi/s that we have figured for escape from the 
surface of the earth. It must be computed separately for each planet 
and will depend on the planet’s radius and mass. 


“Weight” is a difficult thing to define. So far we have considered it to be 
entirely the result of the gravitational attraction between two bodies, 
one of them generally the earth. Let us say that you weigh 160.00 Ib at 
sea level near the North Pole. (On a sensitive spring balance, of course— 
we are interested in weight, not mass.) Here you are 6.357 x 10° m from 
the earth's center. As you travel toward a warmer location at sea level 
near the equator, you calculate what you should expect to weigh at this 
new location, 6.378 x 10° m from the earth's center: 


2 
Weight = 160.00 x (5357 Y = 158.94 Ib. 
6.378 


113 
Gravitation and Orbits 


Disembarking at, say, Belem, Brazil, you step on the scale and find 
your weight is only 158.39 Ib, rather than the expected 158.94. Auxiliary 
**weighings" on a balance indicate your mass is unchanged from that at 
the pole. What has happened to the missing 0.55 Ib of weight? The 
answer is fairly obvious. At the pole there is no centrifugal force; on the 
equator you are moving 1 rev/day in a circle of the earth’s radius. 
A little calculation shows the equatorial centrifugal force is equal to 
just 0.55 Ib. Figure 6-3 shows the situation from two points of view. 
The point of view referred to the rotating (and therefore accelerated) 
earth is given in Fig. 6-3A. Here the man adds the “fictitious” centrifugal 
force and considers himself in equilibrium. Froni the viewpoint of an 
unaccelerated observer stationary in space, Fig. 6-3B, the man is not in 
equilibrium. He is subject to a net force of 0.55 Ib toward the earth. 
This gives him the centripetal acceleration he must have to keep in his 
circular path. 

In either case, however, the man's shoes press against the scales with 
a force of 158.39 Ib, and this is what is generally accepted to be his 
weight. The values of g, the acceleration of free-fall, reflect the net effect 
of both gravitational pull and centrifugal force, so that weight equals mg 
is still exactly true. 

The effects of a high-g environment on living organisms are fairly 
well-known and can be studied relatively easily. Pilots pulling out of 
steep dives can become temporarily blind or unconscious at centripetal 
accelerations of 5 or 6 g. Such accelerations can be easily reproduced 
and their effects studied in large centrifuges capable of holding a human 


FIG. 6-3 Man standing on spring scales at the Equator, from two different points of view. 


Centrifugal 
force = 0.55 Ib. 


ravitational 


pull of Earth Gravitational 


pull of Earth 


= 158.94 Ib. P YES: 

Weight equals Weight equals 

push of scales push of scales 

against feet against feet 

= 158.39 Ib. = 158:39 Ib. 

xR-0 XF = 0.55 Ib. 
foward center 
of Earth. 


In equilibrium, 
as measured from 
point-of view of 
rotating earth. 


In accelerated circular 
motion, as measured from 
point of view of 

stationary outside observer. 


FIG. 6.4 A large centrifuge places a Kal in an artificially high-g environment. 


being. Figure 6-4 sketches such a centrifuge, which is to be spun to subject 
the man to a total of 4 g. From the Pythagorean theorem, we see that his 
centripetal (or centrifugal) acceleration must be V15 x g, or 3.87 g, 
in order to give a total resultant of 4 g. From this, 


ro! = 3879; o! = 3.872 
r 


= 3.87 x adm 7.59 
5.00 


w = V7.59 = 2.75 rad/s 


275) x AN 26.3 rev/min. 
2n 


At this angular speed, the man will weigh four times what he does 
in his normal 1g environment. His blood will now weigh 4 g/cm? instead 
of its normal 1 g/cm?. This “heavy” blood migrates to his legs and lower 
body, where it makes more room for itself by expanding the elastic 
blood-vessels there. This drains the blood supply away from retina and 
brain, causing the temporary blindness and unconsciousness that may 
occur. 

Weightlessness is a more difficult condition to produce and study 
for any length of time. We define the weight of a body to be the force 
it exerts on whatever is supporting it. In free-fall there is no support, 
and, accordingly, no weight. It is easy to be weightless for a fraction ofa 
second, merely by jumping off a chair or table; during the fall all parts 
of the body accelerate downward together. For this brief period, the 
shoulder does not support any weight from the arm, the back is not 
compressed by any weight of the torso—i.e., you are weightless. Skillful 
piloting can make a plane follow exactly along the path that a projectile 

-would follow in a vacuum—any path, that is, with v, constant, anda, — 
9.80 m/s? downward. In such a flight the passengers accelerate freely 
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toward the earth without any contact with or support from the cabin 
walls. Unfortunately, however, these flights cannot last longer than a 
few seconds, which gives little opportunity for study of the effects of 
weightlessness., 

In manned satellites circling either Earth or Moon, and during the 
free-fall trip between the two, the situation is the same as that in the 
plane guided along a projectile path in the atmosphere. Both cabin and 
passengers are constantly subjected to identical accelerations; both 
follow along identical orbits without any supporting forces being needed, 
or even possible. American and Russian astronauts have experienced 
weightlessness for weeks without any apparent lasting ill effect. 


So far, our calculating has been done as though the orbits we considered 
were perfectly circular. For many purposes this is a good enough approxi- 
mation, although scientists have known for more than 300 years that the 
orbits of planets and other satellites are ellipses. Figure 6-5 sketches one 
way to draw an ellipse. A loose loop of string is slipped around a pair of 
pins stuck in a drawing board; a pencil keeping the string taut as it moves 
around the pins will draw an ellipse. The pins mark two geometrical 
points known as the foci (foci: plural of focus) of the ellipse. 

The discovery that the orbits of planets and satellites are ellipses 
was made by the German mathematician and astronomer Johannes 
Kepler early in the seventeenth century. His discoveries can be sum- 
marized by three laws: 


I. Each planet revolves around the sun in an elliptical orbit, with the sun 
at one focus of the ellipse. 


FIG. 6-5 Drawing an ellipse with the help of a string and two pins. The pins mark the 
foci of the ellipse. ; 


mU 


The pins mark the 
foci of the ellipse. 
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Kepler's first law can be shown to follow as a necessity from the inverse- 
square law of gravitation. The mathematical proof is too difficult and 
involved to be included here, but Kepler's second law may at least make 
it seem plausible. 


II. The speed of a planet in its orbit varies in such a way that the radius 
connecting the planet and the sun sweeps over equal areas in equal times. 


Figure 6-6 shows a very elliptical orbit typical of a comet—the orbits 
of the planets are more nearly circular. Astronomers observe this 
satellite of the sun to be at point 1. After some definite time t—say, 
30 days later—it has moved to 2, and the radius drawn between satellite 
and sun has swept over the shaded area S12. Later, the body is observed 
to move from 3 to 4 in an equal 30-day time, with the radius sweeping 
over the area S34. Similarly, from 5 to 6, the radius sweeps over S56 
in 30 days. Kepler, accurately plotting data from. observations made by 
the Danish astronomer Tycho Brahe, found the areas S12, S34, etc., 
were all equal, as stated in his second law. From this, it is obvious that 
the speed of the satellite varies along its orbit, since the distances 1-2, 
3-4, 5-6, covered in equal times, are proportional to the speed. The body 
moves fastest when closest to the sun, and more slowly as r increases. 

Figure 6-6B indicates this is what we should expect. The vector F 
represents the gravitational attraction of S, and we can break this pull 
into components parallel to v and perpendicular to v, as shown. On the 
upper part of the drawing, the satellite is receding from the sun, and F, 
is opposed to v, thereby slowing it down. Later, when the satellite is ap- 
proaching S, F, is in the same direction as v, thereby increasing the 
speed as r decreases. Throughout the orbit, F, provides a centripetal 
force that curves the orbit without affecting the speed. 


III. The squares of the periods of any two planets are in the same ratio 
as the cubes of their average distances from the sun. 


FIG. aed Kepler's second law describes a planet's change in speed in different parts of 
its orbit. 


time = + 


—_ Fi 
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The third law follows directly from the laws of mechanics. From Section 
5 we know that 4 


where the subscript 1 refers to a particular satellite orbiting around a 
central body of mass M. The average speed also equals the circumference 
of the orbit divided by its period T; : 


GM vri 
"n Ti 
Ti 4e 
ri GM 


which is one way of writing the statement of Kepler's third law. Although 
Kepler, with no theoretical backing for his laws, proposed them to apply 
only to planets circling the sun, it is apparent that they can be used for 
any satellites orbiting the same central body. 

By the use of Kepler's third law, together with what we know about 
the moon, we can readily determine the period of any other satellite of 
the earth. For example, consider an artificial satellite whose perigee 
(closest point to the earth) is 3000 mi above the earth's surface and 
whose apogee (farthest point from the earth) is 4200 mi above the 
surface. Its average distance is 3600 mi, which is 3600 + 3960 = 7560 mi 
from the earth's center. We know that the moon is about 239,000 mi 
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(6-1) 


(6-2) 


(6-3) 


from the center of the earth and has a period of 27.3 days. Using Kepler's 
third law, we find 


nor CLES) 
(7560)? ^ (239,000? 
qi . 21.3)" x (1560? 
m (239,000)? 
_ (2.73)? x 10? x (7.56? x 10° 
Rt (2.399 x 1005 


236 x 1074 


Ta, = 154 x 107? = 0.154 day 


sat 


3.70 hr. 


Questions 


1. A ship of 2 x 10* metric tons is moored 50 m (center to center) from a 
ship of 4 x 10* metric tons. With what force do they gravitationally attract 
each other? 

2. A young man (mass 80 kg) stands with his center of gravity 0.5 m from that 
ofa girl whose mass is 50 kg. What is the gravitational attraction between them? 
3. At an elevation of 6370 km above the earth's surface (this is equal to the 
radius of the earth), with what acceleration would a body fall toward the earth? 
4. Ifa body were released from a spaceship at a distance of 1.92 x 105 km 
from the earth's center (this is half the distance to the moon), with what 
acceleration would it fall toward the earth? 

5. What are the dimensions of G (the constant in the gravitational formula) 
in MKS units? 

6. What are the dimensions of the gravitational constant G in CGS units? 

7. An astronaut weighs 300 Ib on Earth, including his life-support equipment. 
What would he weigh on the surface of Mercury? (my = 0.055mg, ry = 0.39rg.) 


8. How much would a 150-kg astronaut (including equipment) weigh on the 


surface of Jupiter? (m, = 318m,, rj = 7.0 x 10* km.) 


9. An adult green-type Martian weighs 87 pjotniks on his native planet. 


What would he weigh on the surface of Mercury? (See Question 7.) 

10. An automated exploratory vehicle constructed by the Martians includes 
a weight suspended from a filament whose tensile strength is 153 .pjotniks. 
How heavy a weight can be installed on Mars if the vehicle is to be sent to 
Jupiter? (See Question 8.) 

11. An orbiting laboratory circles the earth 620 km above its surface. (a) What 
is the radius of its orbit? (b) What is its speed? 


"Gravitation and Orbits 
(6-4) 
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12. What is the speed of a satellite circling Jupiter 10,000 km above its 
surface? (See Question 8.) 

13. (a) How much work would be required to raise a mass of 1000 kg from 
the earth’s surface to an altitude above the surface equal to the earth’s diameter? 
(b) How does this compare with the erroneous answer we would find if we 
figured the earth’s gravitational pull to remain constant at its surface value? 
14. (a) How much work would be required to lift a load of 10* kg from the 
earth’s surface to an altitude above the surface equal to the earth’s radius? 
(b) How does this compare with the erroneous answer we would find if we 
figured the earth’s gravitational pull to remain constant at the same value it 
has at the surface? 

15. (a) How much work would be needed to remove a mass of 2 kg from the 
earth’s surface to infinity? (b) If we decide to call the PE zero when at infinity, 
what is the PE of the 2-kg mass when on the earth’s surface? 

16. (a) How much work would be needed to remove a gram from the earth’s 
surface to infinity? (b) If we decide to call the PE zero when at infinity, what is 
the PE of the gram when on the earth’s surface? 

17. The laboratory of Question 11 has a mass of 100 metric tons. (a) What is 
its KE, calculated as 4mw?? (b) Calculate its KE as done in Section 4. (c) What 
is its PE? (d) What is its total energy? 

18. The satellite of Question 12 has a mass of 5000 kg. (a) What is its KE, 
calculated as 4mv?? (b) Calculate its KE as in Section 4. (c) What is its PE? 
(d) What is its total energy? 

19. Escape velocity from the earth’s surface is 6.96 mi/s. (a) What would the 
escape velocity be if the earth’s mass were multiplied by 9, its size being un- 
changed? (b) What would the escape velocity be if the earth’s radius were 
multiplied by 4, its mass being unchanged? 

20. Escape velocity from the earth’s surface is 11.2 km/s. (a) What would 
the escape velocity be if the earth’s mass were doubled, its size being unchanged? 
(b) What would the escape velocity be if the earth’s radius were doubled, its 
mass being unchanged? 

21. In terms of G, M, and r, write the expressions for escape velocity (v) and 
the velocity of a satellite just skimming the surface of an airless planet (vo). 
(a) How are vg and vê related? (b) By what factor must you multiply vo to find 
ve? (c) If the earth were airless, what would be the speed of a satellite orbiting 
just above the surface? 

22. [See Question 21(a) and (b).] (a) The planet Mercury has a radius of 
2,57 x 106 m, and a mass of 3.28 x 1075 kg. What is the speed of a satellite 
in a circular orbit 430 km above the planet's surface? (b) To what speed would 
this satellite have to be accelerated in order to escape from Mercury and return 
home? 

23. A medical research centrifuge has a radius of 20.0 ft, and carries a dog 
in a pivoted cage, as in Fig. 6-4. How many rev/min must this centrifuge rotate, 
to subject the dog to 3 g? 

24. A small medical research centrifuge similar to that of Fig. 6-4 has a radius 
of 50 cm. A mouse is placed in the cage, and the centrifuge is spun at 50 
rev/min. To how many g's is the mouse subjected? 


(6-7) 


A comet has an extremely elongated elliptical orbit. At perihelion (closest 
to the sun) its distance from the sun is 9.0 x 10!? m, and its perihelion speed 
is about 5.4 x 10* m/s. At aphelion (farthest from the sun) its distance is 
5.1 x 10/2 m. What is this comet's aphelion speed? 

g. At perihelion (closest to the sun) the planet Mercury is 28.6 x 10° mi 
es the sun. Its aphelion distance (farthest from the sun) is 43.4 x 10° mi, 
and it has an aphelion speed of 23 mi/s. What is its speed at perihelion? 

27, If the earth had an artificial satellite with an orbit of 119,500-mi radius 
(half the radius of the moon’s orbit), what would be its period of revolution 
around the earth? : 

Mars has two moons: Deimos, the larger, orbits at a mean distance of 

.9 Martian radii from the center of Mars, and its period is about 30 hr. 
Phobos, the smaller moon, has a period of approximately 7.6 hr. How far (in 
Martian radii) is Phobos from the center of Mars? 

The earth now has communications satellites for relaying radio and TV 
signals from one continent to another. Viewed from the earth these satellites 
appear to hang nearly motionless in the sky directly over some point on the 
equator. (a) What is the period in which they revolve about the earth's center? 
(b) What is the approximate radius of their orbits? (c) How far are they 
above the earth's surface? 

30, What would be the radius of the orbit of a Martian satellite with a period 
of 20 hr? (Give answer in units of Martian radii. See Question 28.) 
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Solid bodies tend to maintain their shape and when deformed (within 
limits) by an external force they return to their original shape as soon as 
the force is removed. This property of solids is known as elasticity and is 
of great importance in many practical devices, such as, for example, 
those based on various types of springs. A fundamental law in this field, 
Hooke's law of elasticity, named after its discoverer Robert Hooke (1635— 
1703), states that the deformation of a solid body is proportional to the 
force acting on it, provided the force does not exceed a certain limit. 

It will be easier to deal with Hooke's law quantitatively if we pause 
to define a pair of technical terms: “stress”. and “strain.” Stress refers — 
to the internal forces created within a material as a result of forces applied 
to it. It is FJA, the applied force divided by the cross-sectional area of 
material that resists the force. * 

Imagine a weight of F dynes hung from the end of a wire that is 1 m 
long and that has a cross-sectional area of 2 mm^. Since F is supported 
by 2 mm? of metal all along the wire, the stress in the wire is F/2 
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FIG. 7-1 Three types of 
elastic deformation. 


- 


dynes/mm?. If the wire were thicker, with a cross-sectional area of 4 
mm", there would be more material to support F, and the stress would 
be reduced to F/4 dynes/mm?. 

Strain is a measure of how much a body is deformed by a stress. The 
principal types of deformation are stretching (or compressing), bending, 
and twisting, as shown in Fig. 7-1. Let us look first at the simplest of these 
—the lengthening of a stressed wire. The strain of the wire is the fractional 
increase in length caused by the stress—that is, it is the elongation divided 
by the length. Mathematically, this is A///, and since it is a length divided 
by a length, strain is a pure number without dimensions. 

If we hang a weight on a piece of wire 1 m long, the wire will stretch 
a certain amount. The same weight hung on a piece of the same wire 
2 m long will cause it to stretch twice as much, since each meter will 
elongate exactly the same as it did before. In both cases the strain 
Aljl is the same, and we can see that strain has the useful property of 
being independent of the length of the wire involved. 

We can restate Hooke's law in a more useful way by saying, stress is 
proportional to strain, or 


stress 
strain 


= à constant. 


This is true within certain limits. If the wire is stressed too much, it will 
no longer return to its original length when the stress is removed, and 
we say that we have exceeded the elastic limit of the material. Within the 
elastic limit, however, we can expand the equation above into 


FA _ 
All — 


The proportionality constant Y is called the Young's modulus of the 
material, after a great English engineer, scientist, and philosopher of 
the early nineteenth century. We shall see his name again later in connec- 


- tion with optics. Here is Young's modulus for a few common materials: 


Steel 2 x 10'2 dynes/cm? or 3 x 107 Ib/in? 
Copper. 1 x 1012 1.5 x 107 
Aluminum 7 x 10'! 1x 107 
Bone 2 x 10" 3 x 109 
Wood 1 x 101! 1.5 x 108 


Since strain is dimensionless, it is apparent that Young's modulus 
must have the same dimensions as the stress—that is, force per unit area. 

Let us see how this applies to a copper wire 0.4 mm in diameter and 
3.0 m long. How much will this wire elongate if we use it to suspend a 
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weight of 5 kg? First, we note that Young's modulus for copper is given 
in dynes/cm?, so we must figure the stress on the wire in the same units. 
Since a gram weighs 980 dynes, the force is 5 kg x 1000 x 980 — 
4.90 x 10° dynes. The circular cross-sectional area of the wire that resists 
this pull is zr? = 3.14 x (0.02)? = 1.26 x 107? cm?. From these values of 
force and area we can find the stress, which is 4.90 x 10°/1.26 x 107? = 
3.89 x 10° dynes/cm?. 

Since Young’s modulus was defined as Y = stress/strain, it is apparent 
that strain = stress/ Y, and we have 


9 
ran So omer) x (9-5. 
lx 10! 


This figure can be interpreted to mean that any piece of copper under 
a stress of 3.89 x 10° dynes/cm? will elongate 3.89 x 107? of its length 
(or, if it is compressed, will shorten by the same fraction). Thus the elon- 
gation of the wire will be 
Al = strain x l 
= 3.88 x 107? x 3.0 


1.17 x 1077 m 


17cm, or 11.7 mm. 


The elongation or the shortening of a coiled spring cannot be so easily 
figured from a knowledge of just its material and dimensions. As the 
spring is stretched, the principal stress on the wire of which it is made is 
twisting, and to this twisting is added some bending, as well as a small 
amount of straight tensile pull. It is too complicated a problem for us 
to go into, but we should note that within its elastic limit, a spring will 
nevertheless obey Hooke's law. 


If we suspend a chunk of iron or lead from a rubber band or steel 
spring attached to the ceiling and by a gentle push set it bobbing up and 
down, we will find it moves with a very definite period. The period T of 
a regularly repeating motion such as this is the time needed to make a 
complete up-and-down cycle and is obviously the reciprocal of the fre- 
quency f, which is the number of cycles or complete vibrations the body 
makes in a unit of time: i 


1 


ibrati = ———— 
paon SIC AHO) f (vibrations/second) 


If the spring or rubber band obeys Hooke's law, the motion of the 
chunk of iron will be an example of simple harmonic motion (SHM). So 


Top of motion 


Equilibrium 


Bottom of motion 


FIG. 7-2 Simple harmonic motion and the reference circle. 


also will be the oscillation of a diving board, the vibration of a plucked 
violin string, or the swinging of a pendulum. Besides describing such 
back-and-forth movements, SHM lies behind all wave motion, and it 
will be worth our while to look at this special kind of motion more closely. 

Figure 7-2A shows a weight suspended by a spring; with the weight 
hanging motionless, it is in the position marked “equilibrium.” Here the 
upward pull of the spring just equals the pull of gravity on the weight. 
Now pull the weight down to “bottom of motion” and let it go; it will 
oscillate between “bottom of motion” and “top of motion” in SHM. The 
total range of travel of the weight will be 24. (A, the amplitude, is the 
distance from the equilibrium point to either extreme of motion.) 

Let us temporarily forget the bobbing weight and turn to the geo- 
metrical fiction of Fig. 7-2B. On a line MM’ parallel to the motion 
of the weight, mark the point O, level with the equilibrium position. 
With O as its center, draw a circle of radius equal to A, the amplitude of 
the motion. Around this circle (the reference circle), imagine that a 
reference particle P,e is revolving with a constant angular velocity of 
à rad/s. This angular velocity œ must be adjusted so that P,.¢ makes 
one revolution of 27 radians.while the bobbing weight goes through one 
cycle. If f is the frequency in cycles per second, then w = 2zf rad/s. 

Now, just as the weight passes through equilibrium, click your 
imaginary stopwatch and start P. revolving from point E. The weight 


124 


125 
Elastic Vibrations 


and P,e are now synchronized, and will exactly follow each other up 
and down. What makes the idea of the reference point so useful, is 
that we can now easily calculate x, v, and a for P,.,—and for the bobbing 
weight at any instant, its x is the same as that of P,e and its v and 
a are merely the components of v,-¢ and a,,, in the direction of its motion, 
in this case the vertical components. 

The angle shown as 0 is wt, so we have 


x = Asin 0 = Asin ot 
V = Vet COS 0 = WA cos ot 


a= aw Sin 0 = —@7A sin wt = —o*x. 


(The minus sign in the last equation is necessary because the direction 
of the acceleration is always opposite to the displacement x, measured 
from the equilibrium point.) 

From Fig. 7-2B we can see that the maximum possible x is the ampli- 
tude 4. The maximum v is v,e or wA, and it occurs at equilibrium. 
The maximum acceleration is 2,,;, and occurs at the top or bottom of the 
motion. 

Since the frequency of any actual body moving in SHM is nearly 
always expressed in cycles (per second or per minute), rather than in 
the radian measure useful for P,e it will be helpful to use the relation- 
ship w = 2zf to revise our last equations: * 


x = Asin 2xft 
v = 2nfA cos 2nft 
a= — 4r°f?x. 


The force on the bobbing mass and the acceleration it causes are 
constantly changing, but Newton’s F = ma is always applicable. We can 
use this relationship to connect the motions we have been discussing 
with the physical characteristics of the spring and weight: 


F = ma =m x Ax'f?x 


E 4n*f?m. 
x 


The term F/x is the force per unit stretch of the spring, which tends 
to bring the mass m back to its equilibrium position when it is moved 
away from this position in either direction. If the spring obeys Hooke's 
law (and in general it will if it is not stretched too far), this ratio F/x 
will be the same for all amounts of strétch and is often called the force 
constant of the spring, or more simply the spring constant. 
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Since the period T = 1/f, this can be rewritten as 


F Amm 
x p? 


2 
quium pm 
Fix F|x 


This last equation is remarkable for the things it does not contain. 
The amplitude A is missing, and so is g, the acceleration of gravity. 
It thus tells us that the period or frequency of the bobbing weight 
depends only on the mass of the weight and on the force constant of the 
spring. The period and frequency are the same for motion of large or 
small amplitude, and would be the same on the moon as on the earth. 

As an example of SHM, let us take a bird watcher who sees a large 
bird light on the end of a slender tree limb, which is thus started oscillat- 
ing. The bird makes 6 complete up-and-down bobs in 4 seconds. When 
the bird leaves, the watcher hangs a 1-kg weight on the limb and measures 
that the weight deflects the limb 12 cm. What was the mass of the bird? 
Since a 1000-g weight deflects the limb 12 cm, the force constant of 
the limb is 1000 x 980/12, or 8.17 x 10* dynes/cm. The frequency f 
is 6 vibr/A s = 1.5 vibr/s. Whipping out his notebook, the ornithologist 
writes 


8.17 x 10* = 477(1.5)?m 
from which 
m = 920 g. 


A simple pendulum theoretically consists of a massive particle of zero 
size, swinging at the end of a massless rod or string. A small, compact 
piece of heavy metal suspended from a thread comes close enough to 
these requirements for most practical purposes. Figure 7-3 is a diagram 
of a simple pendulum, made by suspending a small ball of mass m from 
the end of a thread of length /. The diagram shows it pulled aside from 
the vertical by an angle 0. We can resolve the weight of the ball mg 
into two components: mg cos 0, which pulls directly against the thread 
and has no tendency to make the ball move; and a component mg sin 0 
at right angles to the thread, which urges the ball toward equilibrium. 
The horizontal displacement of the ball from its equilibrium position 
is | sin 0. We can see that F/x for the ball is mg sin 0/1 sin 0 = mg/l, 
which is a constant, because m, g, and / remain unchanged in value. Thus 
the restoring force is proportional to the displacement of the ball, and it 
moves in SHM. (We have calculated the displacement x as / sin 0, 
which is horizontal; the restoring force F, however, is perpendicular 
to the string and is therefore not quite horizontal and not quite parallel 


FIG. 7-3. The simple pendulum. ' 
to x. Hence the Ebner: of the pendulum i is not, exactly SHM; but if 0 
is small, the difference is negligible.) 
Let us use is to derive an equation for the period TEM sates) 
= 1/T, wẹ can write 0 ie 
yi Ks Anm. f ; s. 
f I he, a, 
from which t i 
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There are several things to observe in this formula, and to compare 
with the corresponding formula for the period of a mass bobbing on a 
spring. The amplitude does not appear in either equation. In the pen- 
dulum formula, the mass of the pendulum does not appear; if the mass 
were greater, its inertia and the pull of gravity would both increase by 
the same amount, and the motion would be unchanged. The gravita- 
tional acceleration g, missing for the bobbing mass, is present in the pen- 
dulum formula, as we should expect. The restoring force is provided 
by the pull of gravity; any change in g would have an effect on the 
pendulum equivalent to using a spring with a different force constant to 
suspend the bobbing mass. On the moon, a pendulum would have a 
longer period and a lower frequency, because the lunar g is smaller. In 
fact, special pendulums are used to measure small variations in g at 
different points on the earth’s surface. 


The idea of harmonic motion can easily be extended to include rotational 
motien. By analogy with translational motion, which we have already 
established, 


becomes 


in which q is the applied torque; 0 is the twist that t causes, measured 
in radians; and J is the moment of inertia about the axis of the twist. 


We now have 
T — 2x He or 2x ud. ? 
T 1/0 


Figure 7-4 shows such a device (called a torsion pendulum), which consists 
of a very light crossbar suspended at its center by a thin wire or quartz 
fiber. A ball of mass m is placed on each end of the crossbar. If the cross- 
bar is rotated away from its equilibrium position, the twist of the fiber 
will provide a restoring torque proportional to the angular displacement ; 
hence the bar will rotate back and forth in rotational SHM. Almost all 
watches and some clocks are made to operate with this sort of pendulum. 

The torsion pendulum is also used in determining G, the gravitational 
constant. Figure 7-4 shows two large masses M that are placed close to 
the balls of the pendulum and in the same horizontal plane, so that the 
gravitational attractions between M and m will twist the pendulum 
through a small angle from its equilibrium position. This angle can be 
accurately measured, and when the stiffness of the supporting fiber 


FIG. 7-4 A torsion pendulum, such as used to determine the gravitational constant G. 


(1/0) is known, the deflecting torque and hence the gravitational pull 
between M and m can be computed. The stiffness of the fiber is deter- 
mined by measuring the period of oscillation of the torsion pendulum 
when it is set to swinging by a gentle twist. 

If, for example, the pendulum is made of two 10-g balls on a rod 20 
cm long and has a period of 20 min, we can compute the stiffness of the 
fiber in this way: The moment of inertia of the pendulum (ignoring 
the light rod) will be 2m/?, or 2 x 10 x 10? = 2000 g-cm?. The period 
Tis 20 x 60 = 1200 s. A simple substitution gives 


_ 47? x 200 _ 0 9548 dyne-cm/rad. 


(1200)? 


In other words, a torque of 0.0548 dyne-cm would cause the fiber to 
twist through I radian, or about 57°. 5 


7-5 
Resonance 


A very important notion in the study of all kinds of vibrations is that 
of resonance, which is the specific response of a system which oscillates 
or vibrates with a certain period, to an external force that varies with the 
same, or nearly the same, period. Consider a child on a swing. The swing 
is of course nothing but a simple pendulum, and its period is determined 
by the length of the ropes. In order to put the swing in motion and make 
it move with a larger and larger amplitude, the child must pull period- 
ically on the ropes and stretch out his legs at the same time. But to be 
successful, these muscular efforts must be made with the same period as 
the natural oscillation period of the swing. 

The situation can be demonstrated by the simple experiment shown in 
Fig. 7-5. Bar A is inserted through the holes in the supporting frame B, 
and a number of balls C,, C;, C3, etc. are suspended from the bar on 
strings of different lengths. Another ball D is also suspended from the 
protruding end of bar A in such a way that the length of its string can 
be changed. If we make this length equal, say, to the length of the 
string of C,, and set D to swinging, some of its energy will be transmit:ed 


FIG. 7-5 The principle of resonance, as illustrated by a set of pendulums. 
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through small movements of the bar to the balls hanging inside the frame. 

Although the others will show only a very slight tendency to take up this 

motion, ball C; will begin to swing more and more until its amplitude 

becomes even larger than that of D. By changing the suspension length of 

Ss we can in turn set in motion any of the other balls hanging from the 
ar. 

The principle of resonance is used in the construction of one type of 
an instrument called a tachometer, which is used for measuring the speed 
of rotation of various motors. It consists of a number of steel strips of 
different lengths mounted on a common support. When put in contact 
with a running motor, the tachometer receives slight vibrations caused 
by the rotation of the motor’s axis. The period of the motor’s rotation 
will nearly coincide with the vibration period of one of the strips, and 
this particular strip will vibrate with an appreciable amplitude while 
all the other strips remain almost at rest. By reading the figures printed 
ona scale that runs along the row of strips, we can quickly find the num- 
ber of revolutions per minute the motor is making. 


Questions 


1. A load of 2000 kg is supported by a cylindrical column 10 cm in diameter. 
What is the stress in the column (a) in kg/cm?? (b) in N/m?? 

2. A weight of 8000 Ib is supported by a column 4in x 4 in. What is the 
stress in the column? 3 

3. A load of 20 kg is suspended from a metal strip 1 cm x 0.02 cm. What is 
the stress in the strip, in dynes/cm?? 

4. A wire 0.01 cm in diameter supports a load of 0.85 kg. What is the stress 
in the wire, in dynes/cm?? 

5. A steel tape 100 m long elongates 2 mm when a tensile force is applied. 
What is the strain in the tape? 

6. A column 10 ft long supporting the floor of a shop shortens by 0.02 in. 
when a heavy machine is installed. What is the strain in the column? 

7. The column in Question 1 is 5 m long, and is compressed by 0.06 mm. 
What is the Young's modulus of the material of which the column is made? 
8. A piece of wire elongates by 107? of its length when a tensile stress of 
2 x 10? dynes/cm? is applied to it. What is the Young's modulus of the 
material the wire is made from? \ 

9. How much load could be suspended from an aluminum wire 2 mm in 
diameter and 5 m long, if it is to stretch no more than 1 mm? 

10. How much load can be suspended from a steel wire 0.02 in. in diameter 
and 10 ft long, if it is to stretch no more than 0.1 inch? 

11. What fraction of the load of Question 9 could be supported by (a) a copper 
wire of the same size? (b) a steel wire of the same diameter, but 15 m long? 
(The maximum permissible stretch is still 1 mm.) 
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12. What fraction of the load of Question 10 could be suspended from (a) an 
aluminum wire of the same size? (b) a copper wire of the same diameter,’ but 
20 ft long? (The maximum permissible stretch is still 0.1 in.) 

13. An electron in an electromagnetic wave vibrates with a frequency of 
6.25 x 10‘ cycles (or vibrations)/second. What is the period of its oscillation? 
14. What is the period of a vibratory motion whose frequency is 1600 cycles 
(or vibrations)/second? 5 

15. The mass in SHM in Fig. 7-2 makes 6 cycles in 30 seconds. What is 
(a) its frequency? (b) its period? (c) the angular speed of P; in revolutions 
(or cycles) per second? (d) in radians per second? 

16. The mass in SHM in Fig. 7-2 makes 10 cycles of motion in 4 s. (a) What 
is its frequency? (b) What is its period? (c) What is the angular speed of the 
corresponding reference point (P__.) in revolutions (or cycles) per second? 
(d) What is the angular speed in radians per second? 

17. A weight suspended from a spring bobs up and down. At what point or 
points on its path is (a) its velocity greatest? (b) its velocity zero? 

18. 4 weight suspended from a spring bobs up and down. At what point or 
points on its path is (a) its acceleration greatest? (b) its acceleration zero? 
19. A bottle floating on the sea moves up and down in approximate SHM as 
the waves pass by; its motion has an amplitude of 8 inches and a frequency of 
40 cycles/min. What is (a) its maximum velocity, in ft/s? (b) its maximum 
acceleration? 

20. A reciprocating part on a machine moves in SHM with an amplitude of 
5 cm and a frequency of 300 cycles/min. What is (a) its maximum velocity? 
(b) its maximum acceleration? 

21. A mass weighing 4.8 Ib is hung from the lower end of a coiled spring, and 
causes the spring to elongate by 3 in. If the mass is now set into vertical 
oscillation, what will its frequency be, in cycles/min? 

22. A 500-g mass is hung from the lower end of a coiled spring and causes 
the spring to elongate by 5 cm. If the mass is now set bobbing up and down, 
how many complete vibrations will it make in 1 min? 

23. Rework Question 21, with the same spring, but using a 16-Ib mass, and 
performing the experiment on the moon. (See Question 30.) 

24. Rework Question 22, with the same spring, but using a 1000-g mass, and 
performing the experiment on the moon. (See Question 30.) 

25. A flat horizontal platform moves up and down in SHM with an amplitude 
of 1 cm. A small object is placed on the platform. What is the maximum fre- 
quency the platform can have if the object is not to separate from it at any part 
of its motion? 

26. A weight is suspended by a string whose upper end is fastened to a machine 
part that moves up and down in SHM with an amplitude of 2 in. What is the 
maximum frequency the machine can have if the string is not to become slack 
in any part of the cycle? 

27. A once-popular pendulum clock was the “80-beat” Seth Thomas clock, 
which made 40 complete oscillations/min. What is the length of the pendulum 
of this clock? 
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28. What is the length of a simple pendulum that will “beat seconds," i.e., 
that will have a period of 2 s? 

29. How long would it take the clock of Question 27 to record an hour on 
Planet Z, where g is 1470 cm/s?? 

30. How long would it take the clock of Question 28 to record an hour if it 
were on the moon, where g — 163 cm/s?? E 

31; If, in Fig. 7-4 and the accompanying discussion in the text, the large balls 
each had a mass of 5 kg and were placed 10 cm (center-to-center distance) from 
the small balls, through what angle would the torsion pendulum twist? 

32. The torsion pendulum that regulates the speed of a.certain type of clock 
has a moment of inertia of 2000 g-cm? and a period of 30 s. How much torque 
would be needed to twist the suspending wire through an angle of 45°? 

33. A certain recording instrument whose mass is 12 kg is mounted on three 
springs to protect the instrument from vibration and shock. When the instru- 
ment is installed, each spring shortens by 15.5 mm. Would it be advisable to 
mount this recorder on a machine running at 240 rev/min? Explain. 

34. A piece of machinery weighing 3200 Ib is mounted on four springs, each 
bearing one-fourth of the weight. The force constant of each of the springs is 
2050 Ib/in. Would it be advisable to operate this machine at a speed of 300 
rev/min? Explain. 


18-1 
Wave Pulses 


Probably the simplest wave we can imagine is a single disturbance, or 
pulse, started by a sideways jerk of the hand, which then travels down 
a long rope tied to a wall at its far end. It will be easy to experiment 
with this device, and by using a stopwatch to measure the time it takes 
for the wave to travel the length of the rope, you can easily compute 
the velocity of the wave. You will find that the tighter the rope is pulled, 
the faster the wave will travel. You will also find that if you substitute 
a rope of greater linear density (m,)—that is, one that has a greater mass 
per unit length—the wave will travel more slowly than it did along the 
lighter rope pulled to the same tension. A little further investigation will 
show that the velocity of the wave is not affected by whether you jerk 
your hand quickly or slowly, or by whether you move it through a large 
or a small distance in starting the pulse, although the motion, of course, 


-. does influence the shape and size of the wave itself. 


Study of Fig. 8-1 will suggest why wave velocity depends on the 


rope tension F and on the linear density m,. Segment | has no choice; 
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FIG.8-1 Starting a transverse wave in a rope. 


the hand forces it to move quickly upward and then back. In the draw- 
ing, segment 1 is at the top of the jerk and is about to start back. Segment 
2 must follow along, and the greater the tension F, the more closely it 
will follow. Although segment 1 is about to start down, the kinetic energy 
of segment 2 will cause it to rise to the same distance as segment 1’s 
maximum before it reverses its direction. Segment 3 follows segment 2, 
and so on, each segment duplicating the motion of the previous segment 
with a time delay that is less for a greater tension. Thus a greater tension 
results in a faster propagation of the wave. It is apparent, too, that if 
the mass of segment 2 is increased, the drag of segment 1 must operate 
for a longer time to bring segment 2 up to speed. This greater time 
delay in passing the motion along from segment to segment of the 
rope means that the wave travels more slowly in a rope of greater linear 
density. A mathematical derivation shows that velocity, tension, and 
linear density are related in the following way: 


MU 
m 
This formula applies to sideways waves of the sort we have been 
describing, traveling along a wire, a rubber tube, a long helical spring, a 


-chain, or any other essentially one-dimensional wave carrier that is rela- 


tively flexible. It will not apply to stiff rods, planks, or similar objects 
in which the restoring force is due to the stiffness of the medium, rather 
than to. a pure tensile stress such as we have considered in the example | 
of the rope. ; : sid 


Up to now we have neglected to think of what becomes of a wave, or 
pulse; we have merely started it and forgotten about it. In general, two 
things may happen to it. If the rope is long enough, the energy of 
the pulse may be gradually reduced by friction with the air and by the 


Motion of rope 
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FIG. 8-2 Reflection of a wave pulse from a rigid support. 


internal friction of rope fibers rubbing against one another until the 
amplitude has been reduced to zero and the disturbance vanishes. More 
often, however, the pulse will be reflected, either entirely or in part, from 
a discontinuity in the rope. 

In the absence of any friction, the pulse started by the hand in Fig. 8-1 
would continue down the rope uadiminished. The moving disturbance 
of the pulse represents a moving region of energy; the displaced rope 
particles in the wave have both KE and PE. As the wave pulse moves 
from left to right in Fig. 8-2A, all the energy of each particle is passed on 
to its neighbor on the right, so that the rope is again straight and motion- 

. less after the pulse has passed. | 

When the wave strikes the rigid support at the end of the rope, it 
cannot pass any of its energy on to the support, because it can do no 
work on it. It can exert'a force, but since the support does not move, 
the “d”? in W = Fd is zero, and so also is W. The energy must stay with 
the rope in the form of a reflected wave, as in Fig. 8-2B. Notice that 
the pulse is reflected on the opposite side of the rope. 

Figure 8-3A shows a rope or wire with a discontinuity at the splice 
S, where there is an abrupt change from a higher linear density to a 
lower, as the wave passes from left to right. The last rope particle to 
the left of S is unable to give all its energy to the first particle to the right 


FIG. 8-3 Partial reflection of a pulse at a point where the linear density changes. 


Part of wave A Part of wave A 
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of S. In this case, for W = Fd, there is no difficulty with the d. But because 
of the smaller inertia of the lighter rope, the force F is reduced, so that 
only a part of the energy can be transmitted through S. The remainder 
causes a reflection, in this case on the same side, as shown in Fig. 8-3B. 


So far, we have considered only one special sort of wave—a pulse 
started by a sideways impulse, traveling down some one-dimensional 
medium: This is the simplest example of a transverse wave. As the dis- 
turbance passes along the rope or spring, the particles of the rope move 
at right angles—or transversely—to the direction of propagation of the 
wave. Figure 8-4A shows a metal bar being struck in a direction per- 
pendicular to its length. The impact of the hammer will cause a bending- 
type deformation that will propagate along the bar just as we have 
previously considered other transverse waves moving along a rope. If 
we continue to hit the bar periodically, we Shall produce a steady train 
of waves along it, as shown. y 

If, instead of striking the bar sideways, we hit it on the end as shown 
in Fig. 8-4B, we will produce a different kind of wave. The material 


FIG. 8-4 Transverse and longitudinal waves in a solid bar. 
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of the bar will be compressed by the impact, and this compression (fol- 
lowed by an expansion) will likewise travel along the bar. This is a 
longitudinal wave, in which the particles of the medium move back and 
forth along the direction of propagation of the wave. Here again, if 
we strike the bar periodically, we will produce a steady train of longi- 
tudinal, or compression, waves along the bar. 

"The two kinds of wave—transverse and longitudinal—will generally 
travel at different speeds because they depend on different character- 
istics of the medium: resistance to bending for the transverse wave and 
resistance to compression for the longitudinal wave. 

Transverse waves can propagate only through solids, because their 
transmission depends on the rigidity of the medium. Liquids and gases 
therefore cannot transmit transverse waves. Longitudinal waves, how- 
ever, depend only on resistance to compression, and are propagated 
through any material medium, because solids, liquids, and gases all 
resist a change in volume. Sound, most often transmitted through air, 
is the most common example of longitudinal, or compression, waves. 


Most wave phenomena of practical interest are concerned with long 


trains of equally spaced waves, rather than with the single pulses we have 


been observing. If the hand holding the rope in Fig. 8-5 moves up and 
down in simple harmonic motion, a snakelike series of waves will be sent 
traveling down the rope. A train of waves of this particular shape is 
called a sine wave, because the displacement of the rope is proportional 
to the sine of the SHM generating angle 0 (see Fig. 7-2). 

Such periodic trains of waves, whether they are sine waves or are of 
any other shape, have characteristics not possessed by simple pulses. 
If, say, the hand in Fig. 8-5 moves up and down f times per second, f 
complete waves per second will be generated. Wherever along the rope 
we choose to stand and count, we shall find that f waves per second will 


FIG. 8-5 Generating a train of sine waves on a rope or wire. 
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pass by; this—the number of complete waves that pass by any fixed point in 
a unit of time—is the frequency of the waves. Alternatively, we could 
measure the time required for a single complete wave to pass. This time 
interval, measured between the passage of one crest and the next crest—or 
between the passage of consecutive troughs—is the period of the waves. 
It should be apparent that the frequency (f, in waves per second) and 
the period (P, in seconds per wave) are each the reciprocal of the other: 


SEED and P= 


1 1 
P af 

Another characteristic of a regular periodic wave train is its wave- 
length, generally indicated by 4, the Greek letter lambda. As the name 
suggests, this is merely the length of a complete wave, measured from crest 
to crest (A to B in Fig. 8-5) or from trough to trough (C to D). 

There is a simple and very fundamental relationship among f, 4, 
and the speed of propagation of the waves v. Imagine yourself waiting 
in your car at a railroad crossing while a freight train passes by. Having 
nothing better to do, you find that 25 cars pass by per minute. And, being 
an old railroad man, you happen to know that each car is 42 ft long. So, 
if 25 cars, each 42 ft long, pass in a minute, 25 x 42 — 1050 ft of train 
pass per minute—and this is the train's speed: 1050 ft/min. So, trans- 
ferring this analogy back to waves (or to any other moving periodic 
phenoraenon), we discover that 


v = fh. 


As an example, the noté A above middle C on a piano should have a 
frequency of 440 vibr/s. If the speed of sound (which depends to some 
extent on the temperature) is 1100 ft/s, the wavelength of this sound 
is A = v/f = 1100/440 = 2.50 ft. 


Suppose now that the far end of the rope in Fig. 8-5 is fastened to a 
wall, so that the train of waves is reflected backward from it. The rope 
will now be transmitting two wave trains simultaneously: the incoming 
hand-generated waves moving from left to right and the similar re- 
flected wave train moving from right to left. To discover what will 
happen, let us first consider the situation in which a pair of single pulses 
traveling in opposite directions meet at some point along the rope. 

An upward flick of the wrist will send a pulse along the top side of the 
rope, which will be reflected back as a pulse on the lower side. As this re- 
flection leaves the wall, another upward flick will send another pulse head- 
on toward the returning reflection. Figure 8-6A shows this situation, 
with A rushing to meet the reflection B. 

A surprising property that waves of any sort generally have is their 
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FIG. 8-6 Interference of two wave pulses passing each other on a rope. 


ability to pass through each other in the same medium without being 
changed or distorted in any way. This.is shown in Fig. 8-6B to F, which — "m 
sketches a series of instantaneous pictures of the collision, representing 
the shape of the rope at intervals only a small fraction of a second apart. 

In Fig. 8-6A the two wave pulses are almost touching, but have not — 
yet interfered with one another. In Fig. 8-6B the two pulses overlap, - 
and the colored lines show each pulse as it would have been if it had. 
proceeded undisturbed. The black line, representing the rope itself, is 
the vector sum of the two interfering colored-line waves. Figures 8-6C, 
D, and E show the imaginary colored waves progressing along their 
separate ways, with their sum indicating the configuration of the rope, 
given as the black line. In Fig. 8-6F there is no longer any overlap, and 
pulses C and D continue undisturbed. 

We should look back now over the six sketches and note that the center 
point of the rope on the center line, although two pulses have apparently — 
been transmitted through it, has never stirred a hair’s breadth from its ` 
original undisturbed position. How is it possible to transmit a wave - 
along a rope if there is a piece of the rope in its path that does not move? T 
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We can get ourselves off the uncomfortably sharp horns of this dilemma 
by saying that the waves were not transmitted through the center point 
at all! Pulse D in Fig. 8-6F is not pulse A at all; instead, it is pulse B, 
which has been reflected as though the center line were a rigid wall. 
Similarly, C is not B passing through, but the reflection of A. This-seems 
a reasonable explanation, since A’s attempts to pull the center particle 
upward are exactly countered by B's simultaneous downward pulls; 
the result is that, for each wave, the center particle is as rigid and un- 
yielding as though it were a solid wall. 

The perfect reflections of Fig. 8-6 are possible only when the two 
waves are identical in shape and size. If A and B were not the same 
shape, the center point would move to some extent, so that C would be 
composed of a partial reflection of A, plus a portion of B that is able 
to sneak through. A complicated mathematical analysis would show 
that C must nevertheless have exactly the same shape as B, so that 
although C’s origin is something much more complex, it appears as 
though B had traveled through undisturbed. 

A similar analysis will show the motion of a rope when it is carrying 
simultaneously two similar trains of waves moving in opposite directions. 
Figure 8-7A shows two sine waves: The light solid line represents the 
incoming wave moving from left to right, and the dashed line represents 
the reflected wave moving away from the wall from right to left. Note 
that neither of these lines represents the configuration of the rope; the 
displacement of the rope at every point is the sum of the displacements 
of the two waves. In Fig. 8-7A, these everywhere add up to zero, so the 
heavy line, representing the rope itself, is perfectly straight. (Some por- 
tions, however, have an upward velocity, and some a downward.) In 
Fig. 8-7B, the incoming wave has moved slightly to the right and the 
reflected wave slightly to the left. If we go along from point to point, 
again adding the displacements of the two waves, we find as their sum 
the wavy heavy line, which represents the rope a fraction of a second 
later than in Fig. 8-7A. The diagrams proceed at intervals of a fraction 
of a second, each one showing the incoming and reflected waves to have 
moved slightly from their previous positions, and the heavy line in each 
diagram representing the actual shape of the rope at that instant. 

There are a number of points along the rope where the rope has no 
motion, These points are called nodes, marked N. From the drawing it is 
evident that the nodes are spaced a half-wavelength apart. Between the 
nodes are points where the amplitude of the motion of the rope is twice 
the amplitude of the generating waves. These points are called antinodes 
(A) and are, of course, also spaced 4/2 apart. Looking at a rope vibrating 
asshown in Fig. 8-7, we would see no motion along the rope, as we would 
with a single traveling wave; it would appear to be merely oscillating up 
and down between the nodes. For this reason, such a wave pattern is 


called a standing wave. 
Since the rope, or wire, cannot move where it is fastened to the wall, 
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FIG. 8-7 Formation of standing waves in a rope or wire. 


the wall must always be a node. And if, in Fig. 8-7, we clamp the rope 
rigidly at any node, the same standing wave will continue to vibrate 
between the clamp and the wall. This is the principle on which all 
stringed musical instruments operate. 

Figure 8-8 shows a tightly stretched wire vibrating between two fixed 
points. When the wire is plucked, a hodgepodge of waves of all possible 
wavelengths are started along the wire. Most of these, since their reflec- 
tions from the end points will not be in phase with one another, will fade 
out from interference with their own reflections. Their energy will not be 
lost, however, but will be transferred to those select vibrations whose 
wavelengths are just right to form nodes at the supports. The vibration 
of the longest wavelength (or lowest frequency, since f — v/A and v is 


` the same for all the waves), shown in Fig. 8-8A, is called the fundamental; 


other modes of vibration, such as those shown in Fig. 8-8B and C, 
are called the overtones of this fundamental. 

A plucked string normally will vibrate simultaneously in several 
modes. Figure 8-8D shows a wire vibrating in its fundamental, and first 


. and second overtones. 
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8-6 
Surface Waves 


FIG. 8-8 A wire vibrating in its fundamental mode and in several overtones, 


We have so far considered only waves in a one-dimensional medium. 
In some ways it is easier to observe waves spreading out in two dimen- 
sions, such as the ripples on the surface of calm water. When a pebble 
or other object is dropped on the water surface, these ripples spread out 
from the disturbance with equal speeds in all directions, to form a series 
of concentric circles, as shown in Fig. 8-9. When these encounter an 
obstacle such as the straight wall of the pond in the drawing, the circular 
waves are reflected as circles. The reflected waves behave exactly as 
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FIG.8-9 The waves caused by an object thrown into a pond will be reflected from 
the side of the pond. The reflected waves look as though they originated from an object 
tossed into an imaginary pond at an exactly opposite and equidistant point on the other 
side. 


though they had been caused by an imaginary object dropped simul- 
taneously on the surface of an imaginary pond on the other side of the 
wall, at the point marked A’. The points A and A’ are exactly opposite 
each other, and are equidistant from the straight reflecting surface. 

For a more detailed study of the propagation of surface waves, it is 
convenient to move from the pond into the laboratory and to generate 
waves by a more controllable means than tossing pebbles. Figure 8-10 
shows a dish filled with water or mercury and an electrically driven 
vibrating strip that operates on much the same principle as an ordinary 
electric bell or buzzer: To the vibrating end of the strip we can attach a 
single needle, or two needles, or a long straight strip—all adjusted to 
barely touch the surface of the liquid and to serve as a source of regular 
wave trains as they oscillate up and down. 

Figure 8-10 shows a series of concentric waves spreading out from 
a single vibrating point. As the point moves up and down, alternate 
crests and troughs move out from it with equal speeds in all directions, 
to form this simple pattern. 


Vibrating strip 
(electric drive not shown) 


FIG. 8-10 A vibrating strip to generate waves on the surface of a liquid. 


If we now replace the single needle with two needles, we should expect 
that each needle would send out an identical concentric pattern. This 
is true, but the fact that the two sets of circles overlap each other causes 
what is known as interference between them, with results as shown in Fig.” 
8-11. The surface of the liquid breaks up into a number of strips marked 
C and D on the photograph.-Along the strips marked C (for constructive 
interference), the crests and troughs are deeper than they would be from 
either source alone; along the strips marked D (for destructive interfer- 
ence), the surface is relatively smooth and undisturbed. 

An explanation of this behavior is shown in Fig. 8-12, which repre- 
sents the two sources O, and O, of Fig. 8-11, and the line AB, drawn 
anywhere we wish. The point C, is equidistant from the two sources, 
and the waves arrive at Cy in phase. That is to say, the crests arrive 
together and the troughs arrive together, so that their effects add up at 
this point, and the amplitude of moti6n of the surface is twice what it 

would be from either source alone. 

If we go along AB a short distance to either side of Cy, we soon come 
toa point marked D,/;, which is just half a wavelength farther from O; 
than it is from O;. Here a crest from O, will arrive just in time to meet 
a trough from O;, and vice versa, so that the two impulses will always 
add up to zero. This is destructive interference, and the surface at Dj; 
will remain undisturbed. 

Farther along AB in either direction we shall come to points C; ánd 
Ca, at which the distances from the two sources will differ by 4, or by 24, 
etc. Wherever the difference is an integral number of wavelengths, the 
waves will arrive in phase to produce a point of maximum disturbance 
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FIG. 8-11 Interference of two sets of concentric waves propagating from two points. 
Courtesy The Ealing Corporation. 


of the surface. At D3), Ds, etc., they will arrive exactly out of phase, 
so that each wave annuls the effect of the other.. 

If, in Fig. 8-11, we were to draw a number of lines like AB, we could 
plot along each of them similar points of maximum distrubance (anti- 
nodes) and points of zeró or minimum disturbance (nodes). Then, by 
connecting corresponding points, the nodal lines and antinodal lines 
could be traced out to follow their locations exactly, as shown in the 
photograph. (Students with some analytical geometry will recognize 
that these lines are hyperbolas.) ` 


Y D 


FIG. 8-12 The interference of two identical trains of waves coming from the points 
O, and 05. 
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FIG. 8-13 The diffraction of a plane wave passing through a small opening in a breakwater 
(A); and the interference between two such wave patterns formed by two openings (B). 
Courtesy The Ealing Corporation. 


We could replace the vibrating needles on the wave generator by a long 
straight strip (Fig. 8-10), which would generate a series of. straight-line 
waves propagating across the tank. (We could also generate waves 
that were practically straight lines, by placing a single vibrating needle 
at a great distance away. But since the waves become weaker with increas- 
ing distance, this would introduce too many practical difficulties.) 

Now, if in the way of these straight waves we place a barrier with a 
single relatively narrow opening in it, the waves will pass through the 
opening and produce a pattern, beyond the barrier, similar to the pat- 
tern produced by a single oscillating needle (Fig. 8-13A). If the barrier, 
or “breakwater,” has two openings, the pattern beyond it is similar to 
that produced by a pair of oscillating points (Fig. 8-13B). 

In the paragraph above, we mentioned the wave “passing through” 
the opening in the breakwater. In a way, this statement is true, of course, 
but we shall do better to consider the matter from the point of view of 
Huygens. Looking up from the lower side of Fig. 8-13A, we could see the 
water in the slot of the breakwater oscillate up and down as the plane 
waves on the other side impinge against it. The disturbance caused by 
this oscillating water spreads out from the slot in concentric ripples, 
just as it does from the disturbance under an oscillating needle. In a 
similar way, the water rising and falling in the two slots of Fig. 8-13B 
produces two independent point sources of interfering waves. 

These examples are ilJustrations of Huygens’ principle, which sa: 
every point along a wavefront serves as a source from which new waves 
spread out. This principle is true, even though we may not always have 
convenient breakwater to shut off all its effects except those from o 
two isolated points along a wavefront. The spreading of con ntri 
ripples on an unobstructed surface, or the advance of plane waves, 
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Interference of 
Light Waves 


FIG. 8-14 Light waves from two slits arriving at a screen in phase and out of phase, to 
produce alternating light and dark bands on the screen. 


results from the mutual interference, both backward and forward, among 
the wavelets sent out simultaneously from an infinite number of points 
along every wave. 


We will not look into the nature and behavior of light in any detail for 
several chapters yet. At this point it will be enough to say that light is 
made up of an enormous number of trains of transverse waves called 
photons. Figure 8-14 shows a light source emitting photons, some of 
which fall on a narrow slit; the slit then serves, by Huygens' principle, 
as a very precisely localized source (Fig. 8-13A) sending photon waves 
on to a pair of closely-spaced slits, as in Fig. 8-13B. Light waves from 
these two slits then produce alternating bands of dark and light on the 
screen or photographic film. The bright band at A is equidistant from 
the slits S, and S;, so that the waves arrive in phase to reinforce each 
other. Points B on the drawing are just a half-wavelength farther from 
one of the slits than from the other. Thus waves starting together from 
S, and S, arrive at B exactly out of-phase and annul each other so that 
B remains dark. The bands at C are just one wavelength closer to one of 
the slits than to the other. The waves therefore arrive at C exactly one 
wavelength out of phase, which is equivalent to arriving in phase. At Cc 
we therefore have bright bands. 

We can continue this reasoning to extend the series of alternating 
bright and dark bands on the screen. Whether a point will be dark or 
light depends on the length of the light-paths from the two light sources. 
If the path-lengths differ by any odd number of half-wavelengths, the 
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(8-1) 


(8-2) 


point is dark; if the difference is any integral number of wavelengths, it 
will be bright, This result is no different from what would occur if we 
put a screen across the lower left part of Fig. 8-13B. 


Question 


1. Analyze the equation v = y F|m, to show what the units of m, must be, 
if v is in ft/s and F is in pounds. 


2. Analyze the equation v = 4. F|m, to find what the units of F must be, if 
v is in m/s and m, is in kg/m. 

3. A 100-m length of cord has a mass of 400 g. A piece of this cord is pulled 
with a tensíon of 5 x 105 dynes. With what speed would a transverse pulse 
travel along the cord? 


4. A 1000-ft coil of wire weighs 12 Ib. What is the speed of a transverse pulse 
along a length of this wire, when it is pulled taut by a force of 30 Ib? 


5. Why are strings of different m, used in different positions on a guitar? If. 
the strings were all the same m,, what would it be necessary to do to com- 
pensate when tuning the instrument? i 


6. The bass strings of a piano are wrapped with a close helical winding of 
other wire. Why should this be done? 


7. A 100-m length of wire has a mass of 800 g. This wire is spliced to a 200-m 
length of another wire, the same diame:er as the first, but made of a material 
whose density is 3 times as great. The resulting 300 m of wire is pulled by 
a force equal to the weight of 30 kg. How long will it take for a transverse 
pulse to travel the length of the wire? 


8. A cord 50 m in length has a mass of 1.2 kg. It is spliced to 100 m of another 
cord made of the same material, but of only half as great a diameter. The 
resulting 150 m of spliced cord is pulled taut by a force equal to the weight of 
40 kg. How long will it take for a transverse pulse to travel the length of the 
cord? 

9. In Question 7, if a transverse pulse is started at the end of the lighter wire, 
two pulses should be expected to return. Explain, and calculate when the two 
pulses should be expected. E 

10. In Question 8, if a transverse pulse is started at one end, two pulses 
should return. Explain why, and calculate when the two puises should be 


expected. 

11. The pulse in Question 7 was started at the end of the 100-m length of wire, 
by striking down on it to start the pulse on the lower side. On which side of 
the wire—lower or upper—would you expect to see (a) the first reflection? 
(b) the second reflection? 

12. The pulse in Question 8 was started by an upward blow at the end of the 
50-m length of cord, to produce a pulse on the upper side. On which side of ` 
the cord—upper or lower—would you expect to find (a) the first reflection? 
(b) the second reflection? 
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—» v = 2 in./sec. 
FIG. 8-016 


13. Light isa wave phenomenon that travels at a speed of 3.00 x 10'° cm/s. 
The wavelength of the red light emitted by a certain type of laser is 6.33 x 1075 
cm. What is the frequency of these light waves? 

14. Radio waves are the same kind of electromagnetic waves as light, and 
travel at the same speed of 3.00 x 10* m/s. What is the wavelength radiated 
by station KLIR, at a frequency of 100.3 megacycles/second? 

15. Cans of beans are placed at equal separations on a conveyor belt moving 
75 ft/min. How far apart must the cans be placed if the belt is to deliver 125 
cans per minute? 

16. The illustrated normal electrocardiogram was recorded on tape moving 
at 2 inches/second. The patterns on the tape are about 4.2 cm apart. What is 
the patient's pulse rate, in beats per minute? 

17. A long wire is observed to be vibrating in the wind, and antinodes (where 
the wire is blurred by its motion) are seen to be 10 ft apart. At the same time, 
the wire emits a hum whose frequency is 50 cycles/second. With what velocity 
are transverse waves being transmitted along the wire? 

18. A standing pattern of sound waves can be established in a glass tube, by 
reflection of the waves from pistons at each end. Cork dust in the tube will 
settle at the nodes, where the air is relatively undisturbed. If these nodes are 
measured to be 4.25 in. apart, (a) what is the wavelength of the sound? (b) what 
is its frequency? (Take the speed of sound to be 1120 ft/s.) 

19. A 12-ft chain weighing 0.96 Ib/ft supports a weight of 5000 Ib. When 
struck at its midpoint it vibrates in its fundamental mode. What is the frequency 
of the sound it emits? 

20. A tight guy wire 3.2 m long, with a linear mass of 4 g/cm, is twanged at 
its midpoint and sounds a tone whose fundamental frequency is 20 vibr/second. 
What is the tension on the guy wire? 

21. In Fig. 8-8, assume / is 18 cm, and the fundamental frequency is 800 
vibr/second. (a) What is the wavelength of the second overtone (Fig. 8-8C)? 
(b) At what speed do transverse waves move along the wire? 

22. In Fig. 8-8, assume the wire to be 24 cm long, and the fundamental 
frequency to be 750 vibr/second. (a) At what speed do transverse waves travel 
along the wire? (b) What is the frequency of the third overtone? 

23. A liquid surface is disturbed by two vibrating points 8 cm apart, which 
oscillate together at a frequency of 12 cycles/s. The surface transmits these 
waves at a speed of 30 cm/s. (a) What is the wavelength 4 of the surface waves? 
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(b) Consider the midpoint of the line connecting the oscillating points. Will the 
disturbances from the two points arrive in phase, or out of phase? Is this 
point a node, or an antinode? (c) How far along this line must we move to 
encounter the next antinode? (d) How many antinodes are there between the 
oscillating points? (e) How many nodes? 

24. Two needles 9 cm apart vibrate in unison with a frequency of 15 cycles/s 
and generate waves on a liquid surface. The velocity of the waves is 25 cm/s. 
(a) What is the wavelength of the generated waves? (b) How many antinodal 
points (of maximum disturbance) will there be on the line joining the two 
vibrating points? (c) How many nodal points (of zero or minimum distur- 
bance)? 

25. Are any of the nodal points located in Question 23 actually points of 
zero disturbance? (Bear in mind that the amplitude of the waves diminishes 
with distance.) 

26. On a line like AB in Fig. 8-12, is the disturbance actually zero at any of 
the nodal points? (Remember that the amplitude of the waves diminishes 
with distance.) Is the resultant disturbance less at D3). or Ds)2? 


. 941 
5 Sound 
Transmission 


In Chapter 8 we looked at some of the properties of waves traveling 
along one-dimensional carriers such as wires and ropes, and the two- 
dimensional waves on a liquid surface. When we deal with sound, we 
consider waves spreading out in three dimensions from some vibrating 
source, transmitted as longitudinal waves through the air or some other 
fluid. 

If we watch road-builders blasting on a distant hillside, we see the puff 
of dust and rock somewhat sooner than we hear the sound of the explo- 
sion. And we know that the clap of thunder follows the lightning with a 
delay that depends on how far away the storm is. Since (by everyday 


standards) light. propagates almost instantaneously, we can find the 


velocity of sound by timing the delay between seeing the road-builders' 
explosion and hearing its sound. By such experiments we would find the 
velocity of sound in air at ordinary temperature to be about 1100 ft/s, 
or about 330 m/s. 

As an example, imagine that we see the dust and flying debris of an 
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explosion on.a hillside some distance away. We hear the bang of the 
explosion 14.8 seconds later. A survey (or more easily, careful measure- 
ment on an accurate map) shows the location of the explosion to be 
3.083 miles away. For the speed of the sound, then, we have 


y = 3083 x 5280 


= 1100 ft/s. 
14.8 

The velocity of sound in air is not appreciably affected by changes in 
pressure. We can qualitatively justify this experimental finding by com- 
paring the transmission of the longitudinal waves in air with the way 
transverse waves are transmitted in a rope. If we increase the pressure 
on air (or any other gas), we may think of the resilience or "springiness" 
of the gas as being increased; this, we reason, should increase the speed 
with which a compression or rarefaction will be transmitted from one 
location in the gas to another location immediately adjacent, in the same 
way that increased tension speeds up the transmission of a transverse 
wave from one point on the rope to the next. There is a great difference 
however, between the effect of tension in the rope and pressure in the 
gas. An increased tension does not change the linear density of the rope 
enough to bother with. Air and other gases, however, are very easily 
compressible; as we shall see later, increasing the pressure on a gas 
reduces its volume and therefore increases its density in direct propor- 
tion to the increase in pressure. Increasing pressure thus tends to speed 
sound velocity by increasing the springiness of the gas; on the other hand, 
by making the gas more dense, it increases the inertia of the gas enough to 
completely nullify the gain. For this reason, a change in pressure has 
almost no effect on the speed of sound. An increase in temperature, 
though, tends to make a gas expand. Therefore, if the gas is heated, it 
must either expand and become less dense without changing the pres- 
sure, or, if the gas is confined so that it cannot expand, it will increase 
the pressure while the density remains the same. In either case, we see 
that sound must travel faster in warm gas than in cool. 

A light gas, such as hydrogen, is much less dense than air is at the 
same pressure; therefore sound travels much more rapidly in hydrogen 
than in air. Similarly, in a dense gas like carbon dioxide, the velocity of 
sound is slower than it is in air. 

For us to be able to speak of the frequency of a sound, the sound ` 
must consist of a train of a considerable number of waves. One way 
to produce a train of waves of definite frequency is to force some solid 
surface to vibrate back and forth by mechanical or electrical means, 
thus causing alternate compressions and rarefactions that spread out 
through the surrounding air. The high note of a soprano that reaches 
your ear from the radio or TV is caused by the vibration of the loud- 
speaker diaphragm, which is forced to move back and forth thousands 
of times per second by the rapidly fluctuating pull of a magnet. A card 
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or light stick held against the teeth of a rotating gear wheel will move 
back and forth as each tooth strikes it, and so set up in the air sound waves 
of the same frequency as its own motion. 

The sound of nearly all musical instruments (and of our own voices 
as well) depends on setting up standing waves in strings (piano, guitar, 
violin, etc.) or in air columns (organ, flute, trumpet, etc.). 

Figure 8-8 showed a wire vibrating in several different modes; vibra- 
tions of this sort are the basis for all stringed instruments. The fingering 
of a violin or guitar changes the length of the string included between the 
end nodes and thus changes the frequency of the fundamental vibration. 
Take, for example, a string 20 in. long whose tension is adjusted so that 
its fundamental vibration has a frequency of 440 vibr/s. If a musician 
presses the string against a fingerboard, in effect reducing its length to 
18 in., the fundamental wavelength has been reduced. from 40 in. to 
36 in. From our basic wave equation v = fA, we see that the frequency 
must be increased in the same ratio as the decrease in 4. The shortened 
string will therefore vibrate with a fundamental frequency f= 440 x 
40/36 = 489 vibr/s. 

A vibrating string is so small that by itself it would create very weak 
waves in the surrounding air. For this reason, all stringed instruments 
are provided with some form of sounding board, a large flat surface on 
which the strings are supported and which vibrates in unison with the 
strings. Sounding boards respond more readily to some frequencies than 
to others; hence some overtones are emphasized and others are sup- 
pressed. It is this difference in the relative strengths of the various over- 
tones that makes a guitar, for example, sound different from a banjo, 
and a zither different from a harpsichord. 

Most wind instruments are in effect tubes that are closed at one end 
and open at the other; the effective length is controlled by valves that 
expose openings along the tube. Organ pipes are of two kinds—open 
at both ends, or open at one end and closed at the other. (A pipe or tube 
closed at both ends would not be very useful as a musical instrument—at 
least one end must be open, so that the waves of alternating compres- 
sion and rarefaction can escape into the surrounding atmosphere.) 

Figure 9-1 shows tubes of these two types, with standing air waves 
sketched inside them. The layer of air next to a closed end cannot move, 
so a closed end must be a node; at the end open to the atmosphere, the 
vibrating air can move as freely as it is impelled to, so the open end must 
be an antinode. Like a plucked string or wire, the air column will vibrate 
at its fundamental frequency as well as in many overtones simultane- 
ously. Figure 9-1 indicates only a few of the many possible overtones. 

As an example, we can calculate the length of a closed-end organ pipe 
that is to produce a note whose fundamental frequency is 550 vibr/s. 
(A closed-end pipe has one end closed, and the other open.) The sound 
will be traveling in air at a speed of about 1100 ft/s. So from the equation 


JN 
Closed end 
(Node) 


Vibrating reed, or air 
flowing over slot sets 
column to vibrating 
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FIG. 9-1 The fundamental tone and some overtones in air columns vibrating in open-end 
and in closed-end tubes. (One end must always be open to allow the sound waves to 
escape.) 


À = vif we see that 4 = 2 ft. Since the length of the tube is 4/4 (see 
Fig. 9-1), this gives us a required length of J ft, or 6 in. (Actually this is 
not quite right; the antinode is not exactly at the open end but a slight 
distance beyond it, the distance depending on the wavelength and the 
tube diameter. For our purposes, we can neglect this refinement.) 


The human ear cannot hear sound vibrations with a frequency of much 
less than 20 per second or more than about 20,000 per second. (As we get 
older, the high-frequency upper limit:is reduced; many middle-aged 
people cannot detect frequencies higher tffan 10,000 per second.) A dog's 
ear, however, can hear sounds of considerably higher frequency, and this 
canine ability is often used in police work and by dog trainers. Dogs 
can receive "silent" orders from an ultrasonic whistle, the frequency of 
which is too high to be detected by a human ear. 

Ultrasonic waves are not audible to human ears because their fre- 
quency is too high; they nevertheless carry much more energy than waves 
of equal amplitude but lower frequency. Compare a periodic wave A 
(in a rope, to simplify the matter) with another periodic wave B, which 
has a frequency twice that of 4 but is of the same amplitude. Each parti- 
cle of wave B must travel the same distance back and forth in half the 
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time needed by a particle in A. It must therefore have twice the average 
speed of an A particle and four times as much kinetic energy. The energy 
transmitted by a wave is thus seen to be proportional to the square of 
the frequency, and very-high-frequency ultrasonics carry enough 
energy to do many things that audible sound waves cannot. The most 
widespread use of ultrasonics is in the somewhat mundane job of 
cleaning, especially irregularly-shaped metal pieces, from dental bridges 
to ball-bearings and engine parts. The ultrasonic waves are generated 
in a tank of oil or other liquid; the energetic waves penetrate even deep 
crevices to shake loose the dirt adhering to any objects immersed in the 
ultrasonic bath. 

Ultrasonics have application in several kinds of echo sounding. 
Probably the best-publicized sort of echo sounding is the sonar used by 
submarines, although this application generally uses sound in the audible 
range. A brief burst of sound is emitted in the water—if these spreading 
waves meet an obstacle in the water, some of the sound is reflected back. 
Measurement of the elapsed time between the-transmission and the 
return of the reflected echo, and the direction from which the echo comes, 
gives an accurate location of the obstacle. Blind people unconsciously 
develop a similar method by which obstacles are sensed by the reflected 
echoes of their footsteps or the tapping of a cane. 

Ultrasonic sonar is highly developed in bats. Audible (to human ears) 
sound would be of little use to a bat, because effective reflection takes 
place only from objects at least as large as the wavelength of the sound. 
Although it would enable them to avoid trees and the walls of the dark 
caves in which they live, it would be of no use in locating the night- 
flying insects on which most bats live, or in avoiding leaves and small 
branches. The bat’s very short wavelength echo-ranging waves have a 
frequency of from 10° to 5 x 10* cycles/second; these are emitted in the 
form of short spurts of about 100 waves, repeated as often as 50 times a 
second, The silent intervals are presumably occupied by listening for 
reflected echoes. 

Medical uses for ultrasonic vibrations are still very limited. One 
promising field of application is another aspect of echo ranging. X rays 
have certain deficiencies; as we will see later, X ray photographs are 
shadow pictures. Atoms of high atomic number (such as the phosphorus 
in bone) cast denser shadows. Many of the soft tissues are of nearly the 
same chemical composition in spite of their different structures, so 
X rays give little information about them. Short bat-like bursts of ultra- 
sonic waves (of short wavelength to show finer detail) are partially 
reflected from any surface where the speed of the waves changes—as 
with discontinuities in the m, of a rope. Experienced operators can build 
up an internal picture through the electronic measurement of the time 
delay of the echoes reflected from the surface of an anatomic structure. 
This technique, still in its early infancy, has also been applied to examina- 
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9-3 
Supersonics and 
Shock Waves 


tion of the brain, for which X rays are of limited value because of the 
shielding of the skull. 


Supersonics, which must not be confused with ultrasonics, is the study of 
the effects of objects that travel through a medium at a faster speed than 
the waves they generate. Nothing can move very fast through a solid, 
and even the most imaginative designers cannot yet dream of a subma- 
rine that travels faster than the speed of sound in water. So the practical 
problems of supersonics are essentially limited to planes and missiles that 
fly through the air at a speed greater than the speed of sound in air. 
In this situation, the moving object piles up disturbances—or waves— 
faster than they can get out of the way; this causes a single region of severe 
disturbance known as a shock wave. t 

The idea behind shock waves can be studied in a much more common 
and much more gentle form by considering the bow wave of a ship 
traveling at a speed greater than the speed of the surface waves it gener- 
ates. We see such a ship in Fig. 9-2. The ship, moving with speed v, has 
traveled from 4 to C during the time in which the surface wave it gen- 
erated at A has moved from A to A’ at a speed of »,. Similarly, the wave 
started at B has at this same instant reached B’, and so on for the infinite 


FIG. 9-2 The bow waves of a ship traveling faster than the speed of propagation of 
surface waves on the water. 
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number of points that could have been drawn between A and C. The angle 
& between a bow wave and the direction of motion of the ship depends on 
the relative velocities of the waves and the ship: 


As an example, consider an ocean liner, cruising at 20 knots (1 knot = 1 
nautical mile per hour — 1.151 miles per hour) and generating waves 
whose speed of propagation is 8 knots. We should expect the angle « 
between the path of the ship and the line of the “shock” bow wave to 
be given by 


« = 23.6". 


A plane traveling faster than the speed of sound creates a similar dis- 
turbance in the air. Here, instead of the shock wavefront forming a 
V on the water surface, it forms a giant cone in the air, since the waves 
generated by the passing plane.spread out in all directions (Fi g. 9-3). On 
the surface of the cone, where the waves pile up, there is a sharp pressure 
difference. When this cone (known as the Mach cone, after the physicist 
Ernst Mach) strikes a house, it sounds like a loud thunderclap, and may 
even be strong enough to shatter windows. These sonic booms are becom- 
ing familiar in many parts of the country where supersonic planes pass 
overhead. 

The half-angle of the cone, a, is of course given by the same relation- 
ship that applied to the bow wave of a ship: 


speed of sound 


sina = A 
speed of plane 


Supersonic speeds are often given in terms of their Mach number, which 
is simply the ratio of the speed of the plane to the speed of sound. At Mach 
1.5, for example, the plane is traveling 1.5 times as fast as sound. A 
Mach speed cannot be directly converted into miles per hour without 
further information, because the speed of sound itself varies, primarily 
with the temperature. On a pleasant summer day near the earth’s surface, 
Mach 1 (the speed of sound) may be about 750 mi/hr; 30,000 ft overhead, 
the temperature may be —70°F, and at this cold temperature Mach 1 
would be about 640 mi/hr. If the speed of a plane or missile is given in 
Mach units, it follows that sin x = 1 /Mach number. 


9-4 
The Doppler 
Effect 


FIG.9-3 A shock wave (Mach) cone generated by the nose of an airplane flying fast: ; 
than the speed of sound. de a Rd. 


Everyone has experienced (although many may not have observed) 
the Doppler effect. If a car, which is sounding its horn, rapidly approaches 
you, passes, and then continues on, a very noticeable drop in the pitch 
(or frequency) of the horn will occur at the moment of passing. A similar 
drop in pitch results when a moving observer passes a stationary bell 
or horn. This change in pitch caused by the motion of either the source 
of sound or the listener is called the Doppler effect, after the nineteenth- 
century Austrian physicist Christian Doppler. E 

Let us look first at a moving source. The top of Fig. 9-4A, at t = 0, 
shows a source of sound S in the process of emitting a wave. The source 
is moving toward the observer with a speed v,. At a time T seconds 
(1 period) later, the previously emitted wave 3 has traveled toward the 
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FIG. 9:4 The Doppler effect, as observed in sound. 


Observer a distance vT, while the source has moved a distance v,T in 
the same direction and is now emitting wave 4. The distance between 
the waves is, then, vT — OT; or 4^ = Ty — t). The frequency with 
which the waves strike the ear of the observer will thus be 
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The actual frequency with which the source emits waves is f = 1/T. 
Thus the observed frequency, in terms of the actual emitted frequency, 
isl 

v 
v=o, 


goo 


If the source were receding from the observer, it is apparent that the 
equation would read j 


DO 


Figure 9-4B shows the observer moving with a speed v, towa:d a sta- 
tionary source of sound that emits waves spaced 4 apart. The relative 
speed between the waves and the observer is v + v,, and the frequency 
with which the waves strike his ear will be 3 


pe ODD 
T À 


while the actual frequency of emission is 


We can again express f" in terms of f for the observer who is either 
approaching or receding from the source: 


p=, 


olf 


The equations above can be combined into the following single expres- 
sion: 
ena + % 


vt», 


There are rules governing the selection of the + and — signs, but a 
smattering of common sense will make these rules unnecessary. Approach 
(of either source or observer) makes the heard frequency higher, and the 
proper sign can be chosen to make the equation fit the situation. For 
example, consider car A speeding down the highway at 90 ft/s. Ahead 
of A is car B, going in the same direction at only 30 ft/s, and A sounds 
his horn before he passes. If the actual frequency of A's horn is 1000 


zd 5 vibr/s, what frequency does B hear? Let us write our equation without 
Sound regard for sign: 

rl 1100 + 30 | 
aped 1100 + 90° 

The source (car A) is moving toward the observer (car B); this motion, 
considered by itself, would make the heard frequency greater. Therefore, 
we must make the denominator of the fraction (which contains v,) 
smaller by subtracting the 90. The observer is headed away from the 
source; this motion, considered by itself, would make the heard fre- 
quency less. Therefore, we must make the numerator (which contains 
və) smaller by subtracting the 30. So we have | 


P= 100° 1100 — 30 | 
3 1100 — 90 
= 1059 vibr/s. 
9-5 In perfectly quiet surroundings, the faintest sound you can hear represents 


Sound Intensity a very small amount of energy. If you hold up a finger in a room con- 
taining barely audible sound, a fingernail (about 1 cm?) will be struck by 


FIG. 9-5 Scale of noise, measured in decibels and in watts/cm?. | 
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sound waves representing an energy of about 10716 J/s. This can be 
more briefly described as 107 !$ W/cm?. Ina fairly (but not exceptionally) 
noisy factory, the sound might carry energy at the rate of 1077 W/cm, a 
level 10° times as great as the barely audible. 

Figure 9-5 is a graphic representation of a wide range of sound levels, 
on a geometric scale, similar to Fig. 1-1, that showed a large range of 

stime intervals and distances. The W/cm? scale at the bottom could 
obviously be extended indefinitely to the left without ever reaching zero. 
Audiologists have found it convenient to use this powers-of-10 scale, by 
counting from the threshold of hearing (107!5 W/cm? or 1071? W/m?) 
as zero. From this zero, each added bel (named for Alexander Graham 
Bell) means a multiplication of the sound intensity by 10. In a factory, for 
example, in which the sound intensity is 107 7 W/cm?, this noise would be 
designated as 9 bels—that is, 10? times the intensity of the hearing 
threshold of 10719 W/cm?. 

The bel has proved to be a little too large for convenient use, and has 
been almost completely supplanted by the decibel (dB), which, as its 
name implies, is just one-tenth of a bel. The noise level in the factory 
described above would be given as 90 dB, as indicated on the scales 
above Fig. 9-5. When we thus divide each bel into 10 dB on a geometric 
scale, each decibel must represent multiplication by the tenth root of 10, 
or 1.26. Doubling the intensity of a sound means an increase of 3 dB— 
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1.26 x 1.26 x 1.26 = 2.00. A 6-dB increase means a multiplication by 
4; 9 dB equals multiplication by 8. 

Decibels have provided a convenient scale for measuring the perform- 
ance of many amplifying devices, not necessarily associated with sound. 
A 20-dB amplifier, for example, we could at once convert to 2.0 bels, 
which means amplification by a factor of 107, or 100. An amplification 
of 16 dB we could handle in two parts by breaking the 16 dB into two 
parts: 10 dB and 6 dB, The 10 dB equals 1 bel, equivalent to a factor of 
10! — 10; the remaining 6 dB means multiplication by 4, for a total of 
10 x 4= 40. 


Questions 


1. Lightning is observed to strike a tree on a peak known to be just 1.50 miles 
away. The sound of thunder is n 7.1 seconds later. What was the speed of 
the sound? 

2. Derive a simple formula by means of which you can count the time in 
seconds between a lightning flash and the sound of thunder, and from it 
determine the distance in miles to the lightning stroke. 

3. A man stands some distance from a high cliff and fires a gun. He hears the 
echo 1.5 s after the gun was fired. How far away is the cliff? 

4. A man stands 400 ft in front of a high cliff and fires a gun. How long a time 
elapses before he hears the echo reflected from the cliff? 

5. Through binoculars a man watches a carpenter driving nails at a regular 
rate of 1 stroke per second. He hears the sound of the blows exactly syn- 
chronized with the blows he sees. He hears two more blows after he sees the 
carpenter stop hammering. How far away is the carpénter? 

6. If you stand at one end of a long hallway with a good sound-reflecting 
surface at its far end, you can clearly hear the echo of a handclap. With a little 
effort and practice, you can clap your hands rapidly and regularly, so that 
each clap coincides with the echo of the previous one. Assume you stand 135 ft 
from the end of the hall, and a colleague counts 120 claps in 30 sec. What is 
the speed of sound in this hall? 

7. A strip of stiff plastic is held against the teeth of a rotating 48-tooth gear, 
and the sound produced has a frequency of 512 vibr/second. What is the ro- 
tational speed of the gear, in rev/min? 

8. A siren can be made from a rotating flat disk, which has regularly spaced 
holes punched through it along a circle concentric with the axis of rotation. 
An air nozzle is directed against the disk; each time a hole passes the nozzle, a 
puff of air is released to generate a wave pulse. What frequency sound will be 
produced by a disk containing 72 holes, and rotating 1800 rev/min? 

9. A man in front of a long flight of stairs makes a loud clap by slapping two 
boards together. The tread of the stairs (the horizontal surfaces one steps on) 
is 11 in. What frequency is associated with the sound reflected from the stairs? 
10. A man stands some distance in front of a long, high flight of stairs, and 
fires a gun. The stairs have treads (the horizontal surfaces one steps on) that 
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(9-2) 


(9-3) 


are uniformly 15 in. deep. Will there be any tone associated with the echo from 
the steps? If so, what is its frequency? : 

11. A string on a musical instrument is 22 inches long, and has a fundamental 
frequency of 272 vibr/s. To what length must the string be shortened (by 
pressing it against a fret or a fingerboard) to make its frequency 318 vibr/s? 
12. A string on a musical instrument is 33 inches long, and has a fundamental 
frequency of 192 vibr/s. What is the frequency when this string is pressed 
against a fret to reduce its length to 30.5 inches? 

13. (a) What is the fundamental frequency of a tube closed at one end and 
8 inches long? (b) What is the frequency of its first overtone? (c) of its second 
overtone? 

14. (a) What is the fundamental frequency of a tube open at both ends and 
12 inches long? (b) What is the frequency of its first overtone? (c) of its second 
overtone? o 

15. The fundamental frequency of an organ pipe open at both ends is 440 
vibr/s. What is the frequency (a) of its first overtone? (b) of its third overtone? 
16. The fundamental frequency of a piano string tuned to the note A above 
middle C is 440 vibr/s. What is the frequency (a) of its first overtone? (b) of 
its third overtone? 

17. What is the length of an organ pipe closed at one end, having a fundamental 
frequency of 440 vibr/s? 

18. What is the length of the organ pipe of Question 15? ` 

19. Take two “sounds” of the same amplitude, one of 2500 vibr/s and the 
other an ultrasonic one of 100,000 vibr/s. How many times as much energy 
does the latter carry than the former? 

20. A mechanism for creating 5000-cycle/second sound waves of a certain 
amplitude in water requires a power of 25 watts. How many watts would be 
needed to create waves of the same amplitude, but with a frequency of 60,000 
cycles/second? 

21. The echo of a sonar “beep” is heard 2.50 s later. If the speed of sound 
through water is 1400 m/s, how far away is the reflecting iceberg? 

22. An oceanic depth-sounding vessel surveys the ocean bottom with ultra- 
sonic sonar, of v = 5020 ft/s in seawater. What is the time delay in the return 
of the echo from the bottom, in a trench 6 mi deep? 

23. About what is the length of the train of one hundred 105-cycle/second 
sound waves emitted by a bat? 

24. Assuming fifty 100-wave bursts per second of sound of f = 10° cycles/ 
second, about what fraction of the time is the bat (a) emitting sound? (b) 
listening? 

25. A toy sailboat on a pond moves with a speed of 1 m/s and creates waves 
whose speed is 30 cm/s. What is the angle included between its bow waves? 
26. A ship moving at 30 knots creates bow waves including an angle of 
60? between them. What is the speed of the surface waves created by the ship? 
27. A jet plane travels at Mach 2 at an altitude of 5000 ft. How far past an 
observer will the plane be when the shock wave hits him? 

28. A bullet travels 510 m/s through the air. What will be the angle between 
the shock wave and the path of the bullet? j 


(9-4) 
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29. At what speed would an observer in a car have to approach a stationary 
siren in order for its pitch to sound 10 percent higher than it actually is? 

30. At what speed would a car have to be approaching an observer for the 
latter to hear music from the car radio with a pitch 10 percent higher than it 
actually is? 

31. A car, sounding a horn whose frequency is 1200 vibr/s, drives directly 
toward a vertical cliff at 55 ft/s. What is the frequency of the sound of the horn 
reflected from the cliff, as heard by the driver of the car? (The car acts as a 
moving source when the sound is emitted, and as a moving observer for its 
reflection.) 

32. A car has a siren sounding a 2000-vibr/s tone. What frequency will be 
heard (a) by a stationary:observer as the car approaches him at 45 mi/hr? 
(b) if the car is stationary and the observer approaches it at 45 mi/hr? (c) if the 
car is going away at 60 mi/hr and the observer chases it at 30 mi/hr? 

33. The sound level in a quiet office is 40 dB. (a) What is the sound energy 
intensity in W/cm?? (b) How long would it take for 1 erg of energy to be 
delivered to a microphone that presents an area of 10 cm? to the sound? 

34. A window 60 cm x 100 cm is open to à noisy street where the average 
sound intensity is 80 dB. (a) What is the sound energy intensity in W/m?? 
(b) How much sound energy enters the room through this window in an 8-hr 
day? 

35. A noisy office has a sound level of 60 dB, which seriously cuts down 
efficiency and increases mistakes. What fraction of the present sound energy 
would have to be kept out and/or absorbed, to bring the level down to 50 dB? 
36. The noise level in a hospital room is 40 dB; 20 dB would be much better 
for its occupants. An architect claims to be able to achieve a 20-dB level quite 
inexpensively by installing wall covering that will cut the sound energy intensity 
in half. Is the architect right? Explain, 

37. A duet of Singers produces 40 dB of sound at one of the seats in an 
auditorium. It is replaced by an octet. To what decibel rating does this increase 
the sound at this same seat? 

38. Ata football game 300 people (visitors) cheer loudly when the home-team 
quarterback is sacked. This produces 40 dB at the press box. When the home 
team returns a kickoff 103 yards for a TD, 24,000 people cheer equally 
enthusiastically. What sound level does this produce in the press box? 
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Except for judging by the feel of our skin, which is not a very accurate 
" irement of... quantitative guide and is often deceiving, the only way we can measure 
S Temperature temperature is to measure the effects temperature changes have on the 
f physical properties of materials. All physical bodies, such as a piece of 
[ solid material or a certain amount of liquid, nearly always respond to 
j temperature changes in a simple way: They expand when the tempera- 
ture rises and contract when it drops. There are many other effects, and 
most of them are utilized in one way or another to measure temperature: 
the change in the electrical resistance of wire, the variation with tem- 
perature of electric current generated by dissimilar metals joined 
together, changes in the viscosity or plasticity of materials, changes in 
the color of the light emitted by very hot bodies, and so on. 
The most commonly employed effect, however, is that of expansion. 
: Thermometers used for this purpose are usually constructed in such a 
way that a small thermal expansion results in a large displacement of 
an indicator. In thermometers based on the expansion of a liquid, a 
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A B 
FIG. 10-1 (A) Mercury thermometer; (B) bimetal strip thermometer. 


comparatively large amount of the liquid (usually mercury or alcohol) 
is confined in a bulb, and its expansion causes the excess liquid to rise 
in a narrow capillary tube (Fig. 10-1A). In thermometers based on the 
expansion of solids, a double (bimetallic) strip is often used, composed 
of two metals whose expansions are different when they are heated. 
For example, in Fig. 10-1B, the darkened strip might be of brass and 
the unmarked strip (cemented or otherwise securely fastened to the 
brass strip) could be zinc. Brass expands considerably more than zinc 
when heated, so as the bimetallic strip is warmed, the greater expansion 
of the brass forces the strip to curve, as shown, and move an indicator 
across a scale. 

Whatever kind af thermometer we choose, the scale on which the indi- 
cator moves must be calibrated in some definite, easily reproducible 
manner. The two thermometric scales in general use are calibrated at the 
freezing point and the boiling point of water (at a pressure of 1 standard 
atmosphere). On the Centigrade, or Celsius, scale, which is used in scien- 
tific work all over the world, the freezing point is 0°C and the boiling 
point is 100°C. On the Fahrenheit scale, used (except for scientific work) 
in the United States, 32°F is the freezing point and the boiling point is 
212°F. Figure 10-2 shows the calibration of a pair of thermometers. 
With both thermometers immersed in a beaker of wet crushed ice 
(Fig, 10-2A), we mark the points where the mercury stands as 32 on 
the Fahrenheit thermometer, and as 0 on the Celsius. Similarly, with 
the thermometers in steam above boiling water (Fig. 10-2B), we mark 
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FIG. 10-2 Calibration of Fahrenheit and Centigrade (or Celsius) thermometers. 


the points 212 and 100. On the Fahrenheit scale the interval between 
freezing and boiling is thus divided into 180 degrees (212-32), and on the 
Celsius scale there are 100 degrees in this same interval. From this it is 
plain that the Fahrenheit degree is only $ the size of the Celsius degree. 

Any definite Fahrenheit temperature corresponds to some definite 
Celsius temperature, of course, and vice versa. There are formulas for 
these conversions, which both authors of this book have gone to great 
pains not to learn. They are too easily forgotten, or remembered wrong; it 
is considerably more dependable to reason from scratch on each conver- 
sion. For example, in Fig. 10-2C, the temperature 68°F is shown. This 
temperature is 68 — 32 = 36 Fahrenheit degrees above freezing, which 
is 36 x $ = 20 Celsius degrees above freezing. Since the freezing 
point is 0°C, this means that 68°F is the same as 20°C. For a conversion 
in the other direction, the temperature 80°C is shown. Here we find 
80 Celsius degrees above freezing, or 80 x $ = 144 Fahrenheit degrees 
above freezing. Since freezing is 32°F, 80°C must be 144 + 32 = 176°F, 


Although all thermometers wiil behave, generally speaking, in a similar 
way and give us a clear indication of whether the temperature goes up 
or down, they will disagree among themselves in smaller details since 
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different materials react somewhat differently to an increase of tempera- 
ture. Thus, if we mark by 0 and 100 the freezing and boiling points 
of water on thermometers filled with mercury, alcohol, and water, we 
will find that, as the temperature increases from zero, the mercury 
and alcohol columns will rise while the water column will first drop and 
will begin to rise only after the other two columns have covered about 
4 percent of the total distance to the boiling point. Even the mercury and 
alcohol columns, which are adjusted to show identical values at the 
two ends of the scale, will not quite agree with each other in between, 
because they expand at different rates in different temperature intervals. 
We must therefore look somewhere else for an exact and universal 
definition of the temperature scale. The solution is provided by gases, 
since it has been found that all gases subjected to heating expand in almost 
exactly the same way. The lower the pressure on the gases, the more 
nearly alike do all kinds of gases behave, but even at normal atmospheric 
pressure the differences are very small. This property of gases, which is in 
contrast to that of solid and liquid materials, is due to the extreme 
simplicity of the inner structure of gases as compared with the structure 
of solids and liquids. We can accept as a standard the temperature scale 
provided by a gas thermometer (Fig. 10-3); regardless of what gas is used 
to fill it. Having this as a standard scale, we can then properly calibrate 
any other temperature-measuring instrument. 


Let us take a gas thermometer (such as the one shown schematically 
in Fig. 10-3) and carefully measure the gas volume, first at the boiling 
point of water and then again when the thermometer is in a slush of ice 
and water. In defining the Celsius temperature scale, we have agreed 
to call these temperatures 100°C and 0°C; we can now plot theni as 
points B and F on a graph against our measured volumes (Fig. 10-4). 
A straight line through these two points can be drawn and extended to 
left and right to define a scale for measurement over a wide range of 
temperature. 

There is something peculiar that should be noted about the left 
(low-temperature) side of the graph. We cannot extend the line inde- 
finitely as we can on the other (high-temperature) side because it soon 
runs into the axis of the graph, indicating a zero volume. It would be 
ridiculous to extend the line any farther since as far as we know, a gas 
with a negative volume is an idea that has no meaning. So this point, 
toward which our graph seems to be heading, is called the absolute zero 
of temperature. 

The apparent intention of the gas to shrink to zero volume at absolute 
zero is naturally never fulfilled. All gases liquefy before this point is 
reached; in fact, even before it begins to liquefy, a gas commences to 
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FIG.10-3 A gas thermometer. The changing volume of the trapped gas is read from 
the height of the mercury column in front of the scale. In order to keep the mercury level 
the same on both sides, the right-hand tube is lowered as the gas heats; the gas in the 


bulb will therefore remain at atmospheric pressure.at all temperatures. 
* 


deviate considerably from its more regular behavior at higher tempera- 
tures. Ingenious experimental procedures and theoretical corrections. 
however, have revealed that the temperature of absolute zero is 
—273.15°C. We will not worry ourselves about the odd hundredths 
of a degree and can be content to refer to this ultimate coldness as 
—273*C. A temperature scale beginning with 0 at absolute zero is an 
absolute temperature scale. The most common absolute scale uses the 
same size degree as the Celsius scale and is called the Kelvin scale (°K), 
named for Lord Kelvin, a great nineteenth-century English physicist. 
Since the Kelvin degree is the same size as the Celsius degree and 
begins counting 273^ lower on the scale, it is apparent that in order to 
convert a temperature given in °C into °K, we need only add 273. 

The concept of an absolute zero is an important one iri physics, and 
we will later interpret it in terms of something more significant than the 
crossing point of two lines on a graph. 
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FIG. 10-4 The behavior of gas at low temperature. 


As was apparent in the discussion of gas thermometers, there are three 
factors of importance in determining the behavior of gases: temperature, 
volume, and pressure. We have defined several temperature scales, and 


_ the meaning of volume is self-evident. At this point, however, we can 


well afford to devote a few paragraphs to a closer look at pressure and 
its effect on gases in general. 

Although we seldom pay much attention to it, the air around us and 
in our lungs and ears is under a very considerable pressure. Earth's 
atmosphere is a mixture of about 78 percent nitrogen, 21 percent oyxgen, 
1 percent argon, 0.03 percent carbon dioxide, plus smaller amounts of 
many other gases, and a variable amount of water vapor. The total mass 
of the atmosphere is about 5 x 10'5 tons, which amounts to more than 
one kilogram for every square centimeter of the earth's surface. The 
weight of the air above our heads was first measured by an Italian phys- 
icist, E. Torricelli (1608-1647), using an arrangement shown schematically 


' in Fig. 10-5. He took a long vertical glass tube that was closed on the 


top, completely filled it with water, and placed it in a water-filled tub. 
When he opened a faucet at the bottom of the tube, the water level in 


the tube fell to a height of about 10 m above the water level in the tub, 
- leaving “Torricelli’s emptiness” —or vacuum, as we call it now—at the 
upper part of the tube. 


Since the volume A in Fig. 10-5 contains nothing but a little water 
vapor and is completely separated from the atmosphere, it can exert 
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FIG.10-5 Torricelli's experiment. 
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no appreciable force downward against the top of the column of water. 
So the atmospheric pressure at B, the surface of the water in the tub, is 
able to force water up the tube without any resistance except that 
resulting from the height of the water column itself. Hence the column 
of water (or any other liquid) can be used to measure the pressure of 
the atmosphere: 


h x d — atmospheric pressure 


where A is the height of the fluid column and d is its density. 

In our version of Torricelli’s experiment, with the water standing 
exactly 10 m above the water surface in the tub; the pressure of the 
atmosphere in Italy that day must have been 


1000 cm x 1 g/cm? = 1000 g/cm? 
9.80 x 105 dynes/cm?. 


This experiment of Torricelli can be repeated in the laboratory much 
more conveniently by using mercury instead of water.* Figure 10-6 
shows how to do this. A glass tube, closed at one end, is filled completely 
with mercury (Fig. 10-6A); put your thumb over the open end, invert 
the tube, and submerge the open end (thumb and all) in a dish of mer- 
cury (Fig. 10-6B). If you are at sea level and the atmospheric pressure 
is neither abnormally high nor low at the time, when the thumb is 
removed, the mercury columm will fall until its top is about 76 cm 
above the mercury surface in the dish (Fig. 10-6C). At this height, the 
pressure at the bottom of the column is exactly balanced by the pressure 
of the atmosphere against the open surface of the mercury. This simple 
device is called a barometer, and the pressure of the atmosphere is often 
" referred to as barometric pressure. Although it is not an actual pressure 
unit (which must have the dimensions of force/area), the height of a 
mercury column is such a conyenient way of measuring. pressure that 
pressures are often given in terms of “centimeters of mercury" or “milli- 
meters of mercury" (cm Hg or mm Hg, Hg being the chemical symbol 


Seriy for mercury). $ 
oshare N Scientists all over the world agree, for example, to use exactly 76 cm 
au Hg as the pressure of a standard atmosphere, which is very nearly the aver- 
^" age atmospheric pressure at sea level. Using the density of mercury 
(13.6 g/cm?) and the average value of 980 cm/s? for g, we can readily 
find that one standard atmosphere is equivalent to a pressure of about 
1.013 x 10$ dynes/cm?, or 14.7 Ib/in?. As we rise above the earth's 
surface (or rather, above sea level) by climbing high mountains or by 
ascending in a balloon or airplane, less and less air is left above our heads, 
C ^ 

FIG. 10-6 The mercury * Since mercury is 13.6 times denser than water, the mercury column will stand only 

barometer. 1/13.6 as high as Torricelli's column of water. 
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and the atmospheric pressure decreases correspondingly; the amount 
of air over the top of Mt. Everest is only a third of that above sea level, 
and climbers are forced to carry oxygen-tanks with them in order to 
breathe. - 

Among the earliest accurate experiments on gas pressures were those 
of the-Irish physicist Robert Boyle (1627-1691). To repeat one of his 
experiments, take a closed glass tube with some air trapped in it, and an 
open tube, and connect them with a mercury-filled rubber tube a 
couple of meters long, as shown in Fig. 10-7. Start the experiment with 
the two glass tubes in the relative positions shown in Fig. 10-7A, in which 
the mercury stands at the same level in both of them. Under these con- 
ditions the trapped air is at normal atmospheric pressure. Now move the ; 
open tube up until the trapped air is compressed to half of its original 
volume. You will find that in this case, if you have been careful to keep 
the temperature constant, the difference in the mercury levels will be 
about 760 mm (Fig. 10-7B).* Move the open tube higher until the 
trapped air is squeezed into a third of its original volume and you will 
find that the difference in the mercury levels is now 1520 mm, or 2 x 
760 mm (Fig. 10-7C). 3 

In Fig. 10-7A, the trapped air was subject to atmospheric pressure, 
i.e., 760 mm of mercury. In Fig. 10-7B, the pressure was increased 760 
mm to a total of 2 atms. In Fig. 10-7C, the pressure was that of 3 atms. 
Since the volumes of trapped air were in the ratios 1:4:4, we can conclude 
that the volume of gas at constant temperature is inversely proportional to 
the pressure to which it is subjected, which is the classical Boyle's law of 
gases. Air and other gases ordinarily follow this law quite well, but when 
they are highly compressed, deviations from it can be observed. This is 
quite understandable since, in these cases, the density of gas approaches 
that of liquids, which possess very low compressibility. 

The inverse proportionality between volume V and pressure P for 
a given sample òf gas whose temperature does not change can be 
stated mathematically as 

i = 5 or P,V, = PV. 
Pagg Vi 


The relationship between the volume and the temperature of a gas 
under constant pressure was investigated by Jacques Charles of France 
in the eighteenth century. Charles’s work indicated the proportionality 
shown by the graph in Fig. 10-4, which we can express mathematically 
as 
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* It will vary slightly, depending on the atmospheric pressure. 


FIG. 10-7 An apparatus for determining the compressibility of gases. 
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Referring to Fig. 10-4, we can see that this proportion refers to the 
corresponding sides of the two similar triangles drawn from the points 
F and B, for example, and that the proportion is true only if the temper- 
ature used is the absolute temperature. í 

Boyle's law and Charles's law can be combined into a single general 
gas law, which states that for any given and constant mass of gas 


PV; Pj, 
T TUE 


We have already mentioned that the temperatures must be absolute tem- 
peratures; before we try to use this general gas law equation, we must also 
emphasize that the pressures must be absolute préssures. 

Everyone is accustomed to seeing and reading pressure gauges; tire 
gauges and gauges on compressed-air tanks or water tanks are familiar 
sights. When you have a blowout, the gauge applied to your flat tire 
reads zero. Does this mean that the inside of your tire is at zero pressure? 
No, not at all—it only means there is no difference between the pres- 
sures inside and outside the tire. In other words, when the gauge reads 
zero, the air in the tire is at atmospheric pressure, which may be 
anything from nearly 15 Ib/in? near the seashore to 10 Ib/in? in a town 
in the high mountains. 

Let us use the gas law on a problem about tires, which we can assume 
keep the same volume no matter what the pressure. A man fills his tires 
to a gauge pressure of 28 Ib/in? early in the morning (T = 5°C), in 
a city at sea level (atm pressure — 15 Ib/in?). By afternoon (T = 25°C), 
he has reached a town high in the mountains (atm pressure — 10 Ib/in?). 
He checks his tires in this mountain town. What should he expect the 
gauge to read? Down in the sea-level city, the gauge indicated that the 
tire pressure was 28 Ib/in? greater than atmospheric pressure, which 
was 15 Ib/in?. Thus the absolute pressure in the tires was 28 + 15 = 
43 Ib/in?; the temperature was 5 + 273 = 278°K. Up in the moun- 
tains, the temperature of the air in the tires is 25 + 273 = 298°K. 
The unknown (but unchanging) volume of the tire is V, and we can write 


278 | 298 


or 


P, = 43x = = 46.1 Ibjin? (absolute). 


What the gauge will indicate is the difference between this 46.1 Ib/in? 
inside the tires and the 10 Ib/in? of the outside atmosphere, or 36.1 Ib/in?. 
Actually, no real gas exactly follows the general gas law. Indeed, one 
way to define the physicists’ imaginary ideal gas is to say it is one that 
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does follow this law exactly. Real gases deviate from it for two reasons. 


If we look at the law, we see that if the pressure is raised higher and 
higher (and the temperature is kept constant), the volume must get 
smaller and approach zero for enormously high pressures. A real gas 
cannot do this because the gas molecules themselves occupy space. 
Another factor that enters into the behavior of a real gas is the fact 
that the molecules actually attract one another slightly, especially when 
the gas is compressed and the molecules are close together. This attrac- 
tion helps to squeeze the gas and makes its volume at high pressures a 
tiny bit smaller than it would be if it were an ideal gas. If one is using 
a gas thermometer to do very accurate thermometry, these small devia- 
tions must be taken into account. However, we do not need to aspire to 
this hundredth-of-a-degree accuracy in our work here, and so may 
safely assume that the gases we deal with follow the general gas law. 


In contrast to the-gases, all of which expand by almost the same amount 
when heated, solids and liquids are individualists. The amount a solid 
material will expand when heated is measured by its coefficient of linear 
expansion, generally designated by a. This coefficient gives the fraction 
by which the length (or width or thickness) of an object will increase for 
each Celsius-degree rise in temperature. The total increase in length (A/) 
that a body experiences will accordingly be the coefficient « multiplied 
by the length /, times the number of degrees rise in temperature (AT). 
In an equation, 
X Al = al AT. 


Here are the linear coefficients of expansion for a number of materials: 


Aluminum a = 25 x 10 9/C 
Brass 18 x 107° 
Ice 50 x 1075 
Invar* d 0.9 x 10-5 
Steel 11 x 1075 
Platinum 9 x 1075 
Glass 9x 10-5 


* Invar is a special nickel-steel alloy designed for use where a low coefficient of expansion 


` is needed. 


As an example, consider a steel bridge 200 m long, in a locality where 
the temperature may vary from —30°C in the winter to a blistering sum- 


mer heat of --40*C. This is a temperature change of 70°C, and from. 


winter to summer the bridge will lengthen by an amount given by 


Al = 11x10 5x2 x 10* x 70 = 154 cm. 
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To allow room for such expansions, many bridges have one end mounted 
on rollers or some other device that will permit it to expand and con- 
tract freely with the changing seasons. 

The table above shows that glass and platinum have equal coefficients 
of expansion. For this reason, platinum wire is often used, in spite of its 
expense, when the wire must pass through the wall of a piece of glass - 
equipment. Since the two materials will expand and contract by the same 
amount, there is no danger of the glass cracking, or the wire shrinking 
from itas the temperature changes. 

If the length and width and thickness of a piece of material increase 
as it is heated, its volume will also increase. The Greek letter beta (ff) 
is often used to represent the volume coefficient of expansion, which is the 
fraction of its volume by which a piece of material will expand per 
Celsius-degree rise in temperature. Consider a rectangular block of ma- 
terial a x b x cin size, which has a linear coefficient of expansion a. If 
we raise the temperature of the block by 1°C, its new dimensions will 
be (a+ aa) x (b + ab) x (c+ ac), or a(l +) x b(1 a) x 
c(1 + a). The volume becomes abc(l + a) = abc(l + 3a + 3a? + 
a3). The coefficient « is always a small number, and hence a? and o? 
are so negligibly small that they can be discarded without producing any 
measurable error. Our new volume is thus very nearly abc(l + 3a). 
The original volume abc has been increased by 3a x abc, so the frac- 
tional increase is 3a. 

The volume coefficient of a solid is, therefore, almost exactly three 
times its linear coefficient: 


B = 3a. 


What happens to the hole in a washer when the washer is heated? 
Figure 10-8A shows an aluminum washer at a temperature of 0°C. When 
the washer is heated to a temperature of 200°C, we realize that the width 
(measured as either AB or CD) must increase, and our first inclination 
is to assume that this increase in width will do two things: It will make the 
outside diameter (AD) larger; and it will also expand inward to make the 
diameter of the hole (BC) smaller. But before we come too firmly to this 
conclusion, we should look at the situation in a little more detail. The 
width will certainly increase, and at 200°C the increase will be 


25 x 1075 x 1.000 x 200 = 0.005 in, 


thus making the expanded width 1.005 in. (Fig. 10-8B). As far as the 
outside diameter is concerned, it makes no difference whether the washer 
has a large hole, a small hole, or no hole at all; its increase will be 


25 x 1075 x 4,000 x 200 = 0.020 in, 


to give an expanded diameter of 4.020 in. To find the new hole diameter, 
we need only subtract the two widths from the outside diameter, to find 


180 . bd Bie no ved 2 
Temperature and Heat. 


4020 — 20. 005) = 2.010 in. for the expanded diameter of the hole. 

_ A little checking will confirm that the hole in the aluminum washer has 

expanded exactly as much as though the hole itself were made of aluminum. 

We may argue similarly that a hole inside a block of steel or glass 

which is one way of describing a tank or flask) will have the same volume 

re coefficient of expansion as the material surrounding it. 

u- A linear coefficient of expansion for a liquid would be meaningless, 

but liquids do experience definite changes in volume with changes in 

_ temperature. The following list gives the volume coefficients of expansion 
for some common liquids at ordinary temperatures: 


. Ethyl alcohol, ~ B=1.12 x 10-3/°C 
uy Ht 1.24 x 1073 
0.50 x 10-3 
0.18 x 10-3 
0.21 x 10-3 


a a go flask Beide exactly 200 cm? of mercury, filled to the 
‘top, at 20°C. What will happen if we heat the flask full of mercury to 
80°C? The volume of the flask will increase by an amount 


AV, = fx V x At 
(023 x 9 x 1075 x 200 x 60 = 0.32 cm’. 


The mreny if wil also expan: 


& = 0.18 x 1075 x 200 x 60 = 2.16 cm?. 
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Mes 2.16 — 0.32 — 1.84 cm? of mercury will spill over the top of the 
ask. 


Even in everyday, nonscientific speech, we make a distinction between 
“heat” and “temperature,” although to many people it is not very clear 
just what this distinction is. We “add heat" to a body and “aise its 
temperature,” which implies, quite correctly, that heat is a quantity of 
something, whereas temperature is a property of the body not concerned 
with how large the body is. We know now that heat is a form of energy— 
actually, the total kinetic energy of all the molecules of a substance, as 
we shall see in more detail later. Temperature is a measure of the average 
kinetic energy of one molecule. 

Heat, being energy, can be measured in foot-pounds or joules or ergs. 
It has been found convenient, however, to define another special unit 
to measure heat-energy. This special unit is the calorie (cal), which is the 
amount of heat necessary to raise the temperature of one gram of water by 
one Celsius degree. 

If we take a glass containing, say, 500 g of water at 80°C and mix 
it with an equal amount of water at 50°C, we will find that the tempera- 
ture of the mixture will be 65°C, i.e., just halfway between. We have had 
500 g of water warming up by 15° from 50° to 65°, which required 
500 x 15 = 7500 cal. These calories were furnished by the other 500 
g of water, which, in cooling 15° from 80° to 65° ,gave up 7500 cal. 
The principle of conservation of energy works as well with calories as 
it does with foot-pounds or ergs, _ 

Different substances require different amounts of heat to raise their 
temperatures—that is, they have different specific heats. The specific 
heat of a substance is equal to the number of calories required to raise the 
temperature of one gram of the substance by one Celsius degree. Most 


„substances need considerably less than one calorie to do this. Table 10-1 


lists the specific heats of a few common materials. 
The specific heat of water is, of course, 1,00, because of the way in 
which the calorie was defined. 2 


TABLE 10-1 ` SPECIFIC HEATS OF SEVERAL COMMON SUBSTANCES 
Substance „Specific Heat in cal/g-°C 


Alcohol 
Aluminum 
Copper 


Ice 

iron 
Lead 
Mercury 
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Some thought will enable us to write an equation that will relate 
the amount of heat (Q cal), the mass of the substance (m g), the specific 
heat of the substance (S cal/g-°C), and the temperature change of the 
substance (AT°C). If we take a substance with specific heat S, we know 
from the definition of specific heat that it will require exactly S cal to 
raise the temperature of 1 g of the substance by 1°C. So for this special 
case of | g and 1°C, we have Q = S. If we have m g, it will take just 
nt times as many calories to change the temperature by 1°C, which we 
can express by Q = mS. If the temperature is to be changed by AT", 
it will require AT times as many calories as it did for 1°C, and we can 
write as a useful relationship the following: 


Q = mS AT. 


We should probably mention that for much of the heating and air- 
conditioning work in Britain and the United States, engineers use a 
heat unit considerably larger than the calorie. It is a British thermal 
unit (Btu), which is the amount of heat needed to raise the temperature 
of 1 Ib of water by 1°F. Since this defines the specific heat of water to 
be 1 in these units, it is apparent that for any substance, S in cal/g-°C = 


- Sin Btu/lb-°F. 


The unit used by dieticians in figuring the heat or energy content of 
foods is generally spelled Calorie, with a capital letter, and is equal to 
a thousand calories. The Calorie is also known as the kilocalorie (kcal). 

By using the idea that the heat gained by one substance in a mixture 
must equal the heat lost by another, we can readily solve many problems 


. in calorimetry. (Calorimetry means, literally, measuring quantities of 


heat.) If, for instance, we pour 400 g of mercury at 100°C into 300 g 
of alcohol at 20°C (in a cup that is insulated so that no heat can enter 
or leave our mixture from the outside), what will be the final temperature 
of the mixture? Let us call the final temperature 7; T will obviously 
be somewhere between 100° and 20°C. The mercury will cool from 
100° to T°C, a change of (100 — 7) degrees. It takes 0.033 cal (the S.H. 
of mercury) to change the temperature of 1 g of mercury | degree; to 
change 400 g by (100 — 7) degrees requires that the mercury lose 
0.033 x 400 x (100 — 7) cal. Similarly, to heat 300 g of alcohol from 
20°C up to T° requires 0.58 x 300 x (T — 20) cal. If we set the heat 
lost to the heat gained, we find 


0.033 x 400(100 — T) = 0.58 x 300(T — 20) 
1320 — 13.207 = 174T — 3480 


187.2T — 4800 
T = 25.6°C. 
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When we place a teakettle on the fire, the temperature of the water 
gradually rises to 100°C, at which point the water begins to boil. But 
once the boiling has started, the temperature stays at 100°C until the 
last drops of water are turned into steam. Although the heat is still 
flowing into the kettle from the flame, it does not make the water any 
hotter. What happens to that heat? The answer is, of course, that this 
heat is used to transform the water into vapor, and measurements show 
that to do it we must supply 539 calories for each gram of water to be 
vaporized. This amount of heat is known as the /atent (hidden) heat of 
vaporization and is, of course, different for different substances. Thus 
to evaporate 1 g of alcohol and 1 g of mercury we need only 204 cal 
and 72 cal, respectively. The heat absorbed in the evaporation of water 
plays an important role during hot weather in the cooling of the body 
through the process of skin perspiration. Indeed, one glass of water evap- 
orated-from the surface of the body removes enough heat to cool the 
entire body by several degrees. Meteorologists use this principle for 
measuring the relative humidity of air. The apparatus used for this 
purpose consists of two identical thermometers with the bulb of one of 
them covered by a wet cloth. This thermometer, because of evaporation, 
shows a somewhat lower temperature; from the difference between 
the two readings the weatherman can calculate the rate of evaporation 
and, consequently, the amount of humidity present in the atmosphere. 
A similar phenomenon is encountered when water turns into ice. When 
the temperature of water comes down to 0*C and the first crystals of ice 
begin to form, the temperature remains at 0°C until all the water freezes. 
The heat of fusion of water (i.e., the amount of heat that must be taken 
away from water at 0°C to freeze it, or be given to ice at 0°C to melt it), 
amounts to 80 cal/g. The heat of fusion of alcohol (which freezes at 
—114°C) is 30 cal/g, whereas for mercury (freezing at —39*C) it is 
only 2.8 cal/g. To melt lead (at +327°C), it takes about 6 cal/g, whereas 
in the case of copper (at + 1083°C), the figure is as high as 42 cal/g: 
The idea of latent heats can add a certain amount of complication, 
as well as interest, to calorimetry problems. Suppose we have a calori- 
meter (an insulated vessel made for doing just such' an experiment as 
follows) containing 500 g of water at 0°C. Into the calorimeter. we 
put 150 g of ice at —20°C and then bubble steam at 100°C into it until ‘he 
ice is melted and the entire contents are at 60°C. How many grams of 
steam will it take to do this? The steam passed through at first will’ of 
course, initially condense into water, then cool to 0°C, and finally warm 
again to 60°C. It will give off just as much heat in cooling from 60° to.0°C 
however, as it will take up later in going from 0° back to 60°C. Thus we 
can jump directly from the beginning to the end and say that each gram 
of steam will give up first 539 cal in condensing into water at 100°C, then 
40 cal more to cool to its final 60°C temperature—a total of 579 cal, or 
579x cal for x g of steam. We can use this released heat energy first to 
warm the ice to 0°C: 0.55 x 150 x 20 = 1650 cal. The ice must next be 
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FIG. 10-9 Heat 
conduction through a slab 
of material. 


melted, which requires 150 x 80 = 12,000 cal. and gives us 150 + 500 = 
650 g of 0*C water in the calorimeter. To heat this to 60°C will take 
another 1 x 650 x 60 — 39,000 cal. Altogether, then, the x g of 
steam must contribute 1650 + 12,000 + 39,000 = 52,650 cal. Thus 


579x = 52,650 
or 
x = 90.9 g of steam. 


If we hold one end of an iron rod in our fingers and put the other end 
ina candle or bunsen burner flame, heat from the flame will flow through 
the iron into the air around the rod, and also, as we shall notice in a 
few minutes, into our fingers. Presently, the end we are holding will 
become so hot that we must drop it. If this experiment is repeated witha 
copper rod, we must drop it much more quickly than we did the iron. We 
would still, however, be able to hold a glass rod quite comfortably while 
the other end is red hot and molten. Apparently, some materials conduct 
heat much more readily than others; copper is a much better heat 
conductor than glass. 

The rate at which heat energy flows through a rod or slab of material 
depends on several factors. One obvious factor is the nature of the 
material, and we can use a standard physicist’s scheme to describe the 
heat conductivity of any material in a quantitative way. Imagine a 
cube of the material 1 cm on a side (Fig. 10-9A), with one face of the 
cube kept just 1°C cooler than the opposite face. Heat will flow from the 
warmer face to the cooler, and the number of càlories per second flowing 
through the cube is the eat conductivity or thermal conductivity of the 
material. It is a simple matter to extend this concept to a piece of the ma- 
terial of any size and for any temperature difference. Let us figure a 
general formula to use on the slab shown in Fig. 10-9B, which is made ofa 
material with a thermal conductivity of k. This means that if the slab 
were 1 cm thick, and if it had an area of 1 cm?, and if one side were 
1°C warmer than the other, then k cal/sec would flow through it. But it 
has an area of A cm?, which considered alone would let A times as much 
heat flow through. The temperature difference is not 1°C, but AT°C, 
so AT times as much heat will flow through because of the greater tem- 


, perature difference. 


The thickness, d cm, will work the other way. Obviously, it is more 
difficult for heat to flow through a thick slab than a thin one. Experi- 
ment, as well as theoretical analysis, shows that the heat flow through 
a slab of material (other things being equal) varies inversely with its 
thickness. Thus since our slab is d cm thick, only 1/d as much heat will 
flow through it as through the 1-cm thickness. 
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TABLE 10-2 HEAT CONDUCTIVITY OF DIFFERENT MATERIALS 
_ EXPRESSED IN CALORIES PER SECOND FLOWING 
THROUGH 1 CM?, WHEN THE TEMPERATURE GRADIENT 
IS 1°C/CM 


Material Heat Conductivity (at 18°C) 


Silver 
Copper 
Aluminum 
Iron (cast) 
Lead 
Mercury 
Glass 


Brick 

Water 
Wood 
Asbestos 
Cotton wool 
Air 


The arguments above can all be assembled into a compact equation to 
give us the rate of heat flow Q/t: 
Olt (caljsec) = “aan 


The heat conductivities of some familiar materials are shown in Table 
10-2. 

As an example, consider a jar 10 cm in diameter and 20 cm high, 
made of glass 2 mm thick. The lid of the jar is of copper 1 mm thick, 
and the water in the jar has been accidentally frozen into solid ice. The 
jar is put into a tank of 20°C water to thaw out. How long will it take? 
First, we can find how many calories it will require to melt the ice. The 
volume of a cylinder is mr7h, or x x 5? x 20 = 1570 cm’. Since the 
density of ice is about 0.92 g/cm’, this means there are 1450 g of ice to be 
melted, which will require 1450 x 80 = 116,000 cal. The area of glass 
through which the heat will be conducted is x x 5? = 78 cm? (bottom) 
plus z x 10 x 20 = 628 cm? (sides), fora total of 78 + 628 = 706cm?, 
all 0.2 cm thick. The heat flow through the glass will be, 


Q _ 0.0025 x 706 x 20 


f 0.2 


= 177 cal/s. 


Through the copper lid we have 


O 2092 315 D D UE 14,300 cal/s. 
T k 
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This gives a total heat flow into the jar of about 14,500 cal/s, and the 
required time will be 116,000/14,500 — 8.0 s. 

Our procedure in working this problem has been perfect; the thermal 
conductivity values have come from dependable sources that confirm 
one another, and there are no large arithmetical errors. Yet the answer is 
ridiculously incorrect; actually, it would probably require an hour 
or so to melt the ice in the jar. Where have we gone wrong? The 14,500 
cal/s rate of heat transfer we computed is correct for the instant we 
put the jar into the bath; the conditions we assumed in working the 
problem are at this moment correct. In a fraction of a second, however, 
the outside of the jar becomes covered with a layer of cold water; on the 
inside the ice is further insulated by the layer of water that has formed 
from its melting. Our initial conditions no longer hold, and as time goes 
on and more ice melts, our assumptions become more and more wrong! 

A similar condition fortunately holds for windowpanes. If we cal- 
culated the loss of heat through glass windows, assuming that the inside 
of the glass was at a warm 70°F and the outside surface at the 0°F of the 
winter night, we would be shocked to discover that our entire salary 
could not pay our heating bill. Actually, there will be less than a 1°F 
difference between the inside and outside surfaces of the glass; nearly 
all the insulation comes from a blanket of cool air against the glass on the 
inside and of warm air on the outside. There are empirical rule-of- 
thumb multipliers experimentally worked out for use in more compli- 
cated procedures that will give approximately correct answers for the 
conditions common in heating design work. Pure thermal conductivity 
through walls and partitions is difficult to achieve except by special 
laboratory procedures. 

Nevertheless, although we may not be able to determine the heat 
transfer exactly, the heat conductivity of various materials plays an 
important role in all kinds of heat insulation. Since fluffy rock wool and 
similar materials present 40 times more resistance to the flow of heat 
than ordinary brick, we can clearly see the advantages of their use for 
insulating homes. And, since the escape of heat is proportional to the 
surface of an object, to conserve heat it is advantageous to build houses 
as compactly as possible—hence the difference in construction styles 
in southern California and northern Canada, Following the same prin- 
ciple, many animals roll up into a ball when it is cold and stretch out 
when it is warm. 


In the case of poor heat conductors, the propagation of heat into the 
heated body is very slow. For example, it would take hours to heat the 
water in a teakettle standing on the fire if there were no other heat- 
carrying processes. In fluids, the propagation of heat is considerably 
accelerated by the process of convection, which has its basis in the fact 
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FIG. 10-10 Circulation of water in a teakettle, caused by convection currents. 


" 


that heated bodies increase their volume and hence decrease their den- 
sity. In our teakettle, the water near the bottom is heated by immediate 
contact with the hot metal, becomes lighter than the rest of the water in 
the kettle, and floats up, its place being taken by the cooler water from 
the upper layers (Fig. 10-10). These convection currents carry the heat up 
“bodily,” and they mix the water in the kettle so that the tea is ready in 
almost no time. A similar phenomenon takes place in the atmosphere 


when, on a hot summer day, air heated by contact with the ground 


streams up to be replaced by cooler air masses from above. As the air 
rises to higher and cooler layers of the atmosphere, the water vapor in 
the air condenses into a multitude of tiny water droplets and forms the 
cumulus clouds so characteristic of hot summer days. Convection pro- 
cesses are also very important in the life of our sun and stars. In them, 
the nuclear energy produced in the hot central regions is Carried toward 
the surface by streams of heated stellar gases. 

Sometimes the notion of convective heat transfer becomes confused 
with the notion of heat conduction. We have seen from Table 10-2, for 
example, that the heat conductivity of cotton wool is about the same as 
that of air. Wool, fur, and other materials used to make warm clothes also 
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have about the same degree of conductivity. But if the heat conductivity 


of air is the same as that of warm clothing materials, why is a naked man 
less comfortable in cold weather than a man in a fur coat or under a 
thick woolen blanket? The reason is that the heat is removed from 
the skin of á naked man not so much by heat conduction into the air 
as by heat convection: the air warmed by contact with the skin rises 
and is replaced by more of the cold air. The role of warm clothing mate- 
rials is to prevent this circulation, to keep the air from moving by trap- 
ping it between the numerous interwoven fibers of the materials. If we 
compress a woolen sweater or a mink coat under a hydraulic press, it 
will immediately lose much of its ability to keep us warm. 


A third enormously important way in which heat energy can be trans- 
ferred from one body to another is by radiation. If you stand outdoors 
warming yourself at an open fire on a winter day, the heat you receive 
certainly does not come to you by conduction through the air or the 
ground, since both of these are cold, and heat flows from you to them 
rather than the reverse. Neither are you heated by convection, since the 
hot air over the fire rises into the sky, taking its heat away with it. Just 
as the bright flames and the glowing coals radiate light, they also send 
out an even greater amount of radiant heat that travels unimpeded 
through the air, to be absorbed by your skin and clothing. All the energy 
we receive from the sun has been radiated in this way across 93 million 
miles of vacuum. Only a small part of this energy is in the form of light; 
most of the rest is radiant heat. Light an& radiant heat are two forms of 
electromagnetic radiation, which we shall investigate later in much 
greater detail. 


Homoiothermic (or homeothermic) animals, which maintain a nearly 
constant internal temperature, must resort to many devices to make 
themselves independent of their surroundings. This is especially true 
for man, who lacks a covering of fur to insulate him from the effects 
of his changing environment. 

Consider a 50-kg human whose daily food intake is 2520 Cal or 2520 
kcal. The specific heat of the body as a whole can be taken as about 0.8 
cal/g-^C — 0.8 kcal/kg-^C. From Q — mS AT, 


ROOIE ed * 
(50 x 0.8) 


If there were no way to get rid of the heat produced in oxidizing this 
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food, this 63°C rise in temperature would bring her entire body up from 
its normal 37°C to 37 + 63 = 100°C! 

A quantitative discussion of the relative importance of radiation, 
convection, conduction, and evaporation in maintaining our 37°C is 
almost impossible, due to the widely varying effects of different types 
and amounts of clothing, air movement, temperature and humidity, the 
temperature of walls or other surroundings, etc. 

In 22°C surroundings (about 72°F), skin temperature is in the neigh- 
borhood of 32°C. Some heat is lost by radiation from the warmer 
skin to the cooler walls, some by air convection currents over the skin, 
and-some by evaporation. In environments down to 20°C or even lower, 
there is appreciable perspiration that ordinarily evaporates immediately, 
so there is no visible moisture; and there is always evaporation of mois- 
ture from the surfaces of the lungs. 

In the range from roughly 20° to 30°C, body temperature is regulated 
largely by the fraction of blood that is directed to the surface circulation 
under the skin. The increase of this surface circulation with rising 
environmental temperatures raises the skin temperature, which in turn 
increases the AT between skin and surroundings. The larger temperature 
difference increases all the heat losses mentioned above. 

This circulatory adjustment works very well up to about 30°C; above 
this temperature the body must step up the evaporative losses by increased 
perspiration, and its resultant evaporation, which carries away 540 cal 
for each gram evaporated. At still higher temperatures, this mechanism 
fails—it is useless to perspire more than the surrounding air can evapor- 
ate. At, this point, humans fall back onto the normal mechanism of the 
well-insulated, sweatless dog and increase their lung evaporation by 
panting. This is the end of the line. 

At the other extreme of temperature, the body’s problem is to con- 
serve heat. Contraction of the surface blood vessels drives the circulation 
deeper and lowers the skin temperature. This reduces the losses by 
reducing the temperature difference between skin and surroundings. 
After this mechanism can no longer keep the rate of heat loss less than 
its rate of production in the body, we fall back on a useless gesture. 
“Goose-flesh” or “goose-bumps” results from the contraction of the 
tiny muscles that make our body hairs stand more nearly erect. This is 
very useful for furred animals and birds; the insulating layer of hairs or 
feathers and trapped air becomes thicker, fluffier, and more effective. 
A million years ago we lost our fur, but its now useless operating ma- 
chinery still .emains. When the heat losses continue in spite of this futile 
effort, we begin to shiver. The work of muscle contraction converts 
chemical energy into heat, and the involuntary exercise of shivering 
increases our internal heat production—the body's last resort, since it 
cannot further reduce heat losses. 
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Questions 


1. The melting point of the element sulfur is 113°C. What is this temperature 
on the Fahrenheit scale? 

2. The average normal temperature of the human body is taken to be 98.6°F, 
What is this temperature on the Celsius scale? 

3. The Reaumur temperature scale is almost obsolete, but is still used to some 
extent in France. On this scale, the freezing point of water is 0°, and the boiling 
point is 80°. What Celsius and Fahrenheit temperatures correspond to 48°R? 

4. Normal room temperature (72°F) corresponds to what temperatures on the 
Celsius and Reaumur scales? (See Question 3.) 

5. A motor is designed to heat up to 50°C above room temperature when 
running continuously at full load, In how hot a room (in ^F) could it be operated 
if its temperature is not to exceed 200°F? 

6. A motor is designed to heat up to 50°C above room temperature when 
running continuously at full load. What would its temperature be in °F when 
it is operating in a room at 80°F? 

7. Convert the following temperatures to absolute temperatures (°K): 
(a) 350°C, (b) 120*F, (c) — 250°C, (d) —130°F. 

8. Convert the following temperatures to absolute temperatures (°K): 
(a) 120°C, (b) 1500°F, (c) —30°C, (d) —78°F. 

9. One bar is a pressure of 105 dynes/cm?. One standard atmosphere is how 
many millibars? 

10. On a mountain, the barometric pressure is 56 cm Hg. Convert this 
pressure into (a) dynes/cm?, (b) Ib/in?. 

11. A tire holds 1200 in?. What volume of air at standard atmospheric 
pressure would have to be put into the tire to inflate it to a gauge pressure 
of 40 Ib/in?? 

12. A compressor takes 100 ft? of air at standard atmospheric pressure and 
forces it into a tank whose volume is 8 ft?. What is the gauge pressure of the 
gas in the tank? (Assume temperature unchanged.) 

13. A bottle is tightly sealed at a temperature of 18°C, and is then placed 
in a 210°C oven. The atmospheric pressure is 13.0 Ib/in?. (a) What is the absolute 
pressure in the bottle at this high temperature? (b) What is the gauge pressure? 

14. A bottle is tightly sealed at a temperature of 70°F, and is then put into a 
350°F oven. (a) What is the absolute pressure of the air in the bottle at this 
higher temperature? (b) What is the gauge pressure? (All this takes place at 
sea level on an average day.) 

15. A compressed-air tank in a filling station has a gauge pressure of 50 Ib/in? 
when the temperature is 70°F. A fire in the station raises the temperature of the 
tank to 250°F. What is the gauge pressure in the tank when hot? (Atm. 
pressure = 15 Ib/in?.) 

16. A man checks his tire gauge pressure as 28 Ib/in? in the early morning 
when the temperature is 41°F. In the afternoon, hard driving on a hot pavement 
has raised the temperature of his tires to 140°F. (a) What is the gauge pressure 
of his tires, if the atmospheric pressure has not changed? (b) Does it make any 
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difference in your answer whether atmospheric pressure is taken to be 10 Ib/in? 
or 15 Ib/in?? 

17. A tank is guaranteed safe at 100 lb/in? gauge pressure. It is filled with 
gas to 80 Ib/in? gauge pressure at sea level and 20°C. If it is taken-up in a plane 
to where atmospheric pressure is 5 Ib/in?, how hot may the tank safely be 
allowed to get ? (Take sea level atm, pressure = 15 Ib/in?.) ; 
18. A large plastic balloon will hold 10,000 ft? when completely filled. It is 
designed to rise to an altitude of about 10 km, where the pressure will be 
22.cm Hg, and the temperature — 70°F. How many cubic feet of helium gas at 
standard atmospheric pressure and 70^F should be put into the balloon if it is 
to be full when it reaches its designed altitude? 

19. A steel bridge is exactly 250 ft long at 15°C. How long is the bridge when 
its temperature is 42°C? 

20. A steel surveyor's tape is exactly 100 m long under a certain specified 
tension at 20°C, How long is the tape when the temperature is — 10°C? 

21. At 15°C the diameter of an aluminum rod is 0.0005 inch too large to fit 
into a 1-inch diameter hole in a brass plate. (a) Should the rod and plate be 
heated or cooled in order to make a fit possible? (b) At what temperature will 
the rod fit in the hole? 

22. A steel ball 9 cm in diameter has a diameter 0.012 cm too large to permit 
it to fit into a hole in a brass plate when the temperature is 20°C. (a) Should 
the ball and plate be heated or cooled in order for the ball to fit the hole? 
(b) At what temperature will the ball fit the hole? 

23. A glass flask holds exactly 200 cm? at 15°C, What is its capacity when 
heated to 60*C? i 

24. A block of aluminum is exactly 10cm x 10 cm x 10 cm at 0°C. What 
is the volume of the block when it is heated to 80°C? 

25. A 2000-cm? aluminum tank is filled with water at 80°C. How much more 
water can be added when the tank and contents have cooled down to 10°C? 
26. A vertical glass tube with the bottom end sealed is filled with mercury to 
a height of 100 cm, at 15°C, How high will the mercury stand in the tube if 
the temperature is raised to 35°C? 

27. An insulated tank car holds 15,000 kg of alcohol at 25°C. How much 
heat must be removed from the alcohol to cool it to 12°C? 

28. How much heat is required to raise the temperature of 700 g of mercury 
from 50° to 122°F? 

29. How much copper shot at 95°C must be added to 150 g of water at 25°C 
in order to heat it up to 39°C? 

30. How much heat must be added to 50 kg of ice at —40°C to raise its 
temperature to — 5°C? x; 

31. rf 500 g of powdered aluminum at 100°C is added to 200 g of iron 
filings at 20°C in an insulated cup (calorimeter), what is the final temperature 
of the mixture? 

32. If 300 g of iron shot at 5°C is poured into an insulated cup (called a 
calorimeter) that contains 500 g of alcohol at 70°C, what is the final temperature 
of the mixture? 
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33. In Question 31, we have not taken into account the heat needed to change 
the temperature of the calorimeter. Suppose it is aluminum, with a mass of 
35 g. Refigure Question 31, using this additional information. 

34. In Question 32, we have not taken into account the heat needed to change 
the temperature of the calorimeter itself. Suppose it is made of copper, with a 
mass of 80 g. Refigure Question 32 using this additional information. (The 
calorimeter is, of course, always at the same temperature as its contents.) 

35. an insulated tank holds 500 kg of water at 20°C. (a) How much water at 
100°C must be added to raise the temperature to 45°C? (b) How much steam 
at 100°C must be added to raise the temperature to 45°C? 1 
36. A cup contains 300 g of very hot coffee at 95°C. (a) How much water at 


-0°C must be added to reduce the temperature to 75°C? (b) How much ice at 


0°C must be added to reduce the temperature to 75°C? 

37. In a 75-g copper calorimeter, there are 400 g of crushed ice and 200 g of 
alcohol at — 25°C. If 120 g of steam at 100°C is bubbled through this mixture, 
what is the final temperature? 

38. Suppose 200 g of crushed ice and 600 g of iron shot, all at 0°C, are in a 
100-g aluminum calorimeter. If 50 g of steam at 100°C is slowly bubbled 
through, what is the final temperature? 

* An aluminum rod 40 cm long has a cross-section area of 5 cm?, and is 
thermally insulated. One end is kept at — 78°C in a bath of dry ice and acetone; 
the other end is in an insulated container of 100 g of water at 10°C. How long 
will it take to cool the water down to 0°C? 

40. If one end of a thermally insulated copper rod 1 m long and 2 cm in 
diameter is placed in boiling water and the other end in ice water, how many 
calories will be transmitted along the rod in 1 min? t 

* An insulated vat i$ divided into two sections by a watertight partition 
20cm x 40cm made of copper 1 mm thick. On one side is water that is 
boiling, and on the other side isa mixture of 2 kg of crushed ice kept constantly 
stirred in water. How long will be required to melt all the ice? 

* A picnic refrigerator is a box 20 cm x 40 cm x 50 cm made: of wood 
5 cm thick. It contains 5 kg of ice. If we assume the interior temperature stays 
constant at.41°F while the outside temperature is 95°F, how long will it take 
for the ice to melt? (There is a drain hole, through which the water leaks out 

the ice melts) < 

* Numerous small children have their tongues severely injured by licking a 
piece of pipe or other metal on a very cold day; licking a piece of wood on the 
same day would result in no harm. Explain. 

* When we step barefooted out of bed on a winter morning, it is much more 
comfortable to step on a rug than a wooden floor, although both are at the 
same temperature. Explain. 


In an earlier chapter of this book, we saw that friction forces gradually 
rob mechanical systems of their energy and eventually bring them to 
a standstill. What is the relation between the mechanical energy lost to 
friction and the amount of heat produced by it? This question was 
answered in the middle of the last century by a British physicist, James 
P. Joule’ (1818-1889), in his famous experiment on the transformation. 
of mechanical energy into heat. Joule's apparatus, schematically shown 
in Fig. 11-1, consisted of a water-filled vessel containing a rotating axle 
with several stirring paddles attached to it. The water in the vessel 
was prevented’ from rotating along with the paddles by special vanes 
attached to the walls of the vessel. The axle with the paddles was driven 
by a weight hanging from a cord, and thus the work done by the des- 
cending weight was transformed by friction into heat produced in the 
water. Knowing the amount of water in the vessel, Joule could measure : 
the rise of its temperature and calculate the total amount of heat pro- 
‘duced; the driving weight and the distance of its descent gave the total 
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FIG. 11-1 Joule’s apparatus for determining the mechanical equivalent of heat. 


amount of mechanical work done. Repeating this experiment many 
times and under different conditions, Joule established that there is 
a direct proportionality between these two quantities and that "the 
work done by the weight of 1 pound through 772 feet at Manchester will, 
if spent in producing heat by friction in water, raise the temperature of 
1 pound of water one degree Fahrenheit.” In metric units, it means that 
one calorie of heat is the equivalent of 4.18 x 10’ ergs of work, or 4.18 
joules, 

Joule’s work confirmed the basic idea that was commencing to be 
seriously considered at the time, namely, that heat is energy in the 
same sense that mechanical energy is, and although one form of energy 
can be transformed into another (kinetic, potential, heat, electrical, 
chemical, etc.), the total sum of the energy in any system of bodies or 
materials remains constant. (This assumes, of course, that our "system" 
does not receive any energy from the outside or lose energy to it.) 
This law of the conservation of energy represents one of the basic pillars 
of physics and is known as the first law of thermodynamics. 

The fate of all the mechanical energy on the earth (as well as of elec- 
trical and other forms of energy) is to be converted into heat at the 
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exchange rate of 4.18 joules per calorie. The work of winding your 
watch, which is stored temporarily as the potential energy of the coiled 
spring, is converted into the kinetic energy of the escapement wheel and 
gradually converted by friction into heat during the course of the day. 
The winds are gradually slowed by friction with earth and trees, and their 
enormous energies also end up às heat, 

Suppose 1 joule of work were expended in winding a 30-g watch. 
If the watch were wrapped in a theoretically perfect heat insulator, 
how much warmer would the watch be by the time it had run down? 
The 1 joule of work equals 1/4.18 = 0.24 cal, which goes into heating 
the 30 g of steel of which the watch is made. If we take 0.1 cal/g-°C as the 
specific heat of steel, it will require 0.1 cal to raise the temperature of 
1 g by 1°C. The 0.24 cal produced will raise the temperature of 1 g 
of steel by 2.4°C, and of 30 g, just 3l; of 2.4°, or 0.08"C. 

This is not very much heat, but we started with very little energy. 
Braking to a stop, a 4000-Ib car traveling 60 mi/hr should give us some- 
thing more noticeable. The speed of 60/mi hr is 88 ft/s, and the kinetic 
energy of the car is $v? or 


05 x E x (88)? = 484,000 ft-Ib. 


The mechanical equivalent of heat we know only in terms of joules and 
calories, so we need to conyert our answer from foot-pounds to joules, or 
newton-meters: 


Im 1kg | 98N 
| T —— = 657,000 J 
484,000 ft-lb x SONT x 2216 x kE 
and i sha 
1 cal 


= 157,000 cal, 
4.18 J 


657,000 J -x 


This amount of heat is enough to raise 1570 g of water (about 3 pints) 
from freezing to boiling, or to raise about 40 Ib of steel from room tem- 


perature to the boiling point of water. 


Any amount of mechanical energy can be, and eventually will be, 
completely transformed into heat energy, through the operation of 
friction, for example..Is this transformation reversible? Can the heat 
energy contained in a pot of boiling water be completely converted into 
ical energy?. 
ut pais for example, is designed for the sole purpose of 
converting heat energy into mechanical work, How successf ul can it be? 
We can show that even for an idealized perfect engine, this conversion 


can at best be only partial. 
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FIG. 11-2 Simple heat engine absorbing heat energy from hot-water tank, and losing 
heat to cool-water tank. 


Figure 11-2A shows a cylinder of gas, with a leakproof and frictionless 
piston. The cylinder is in a tank of water at the coolest available tempera- 
ture, Tc. By “coolest available" we mean tap water or water at raom 
temperature, i.e., water that is at the temperature of the environment. 
A tank of hot water at temperature Ty is also available. 

When the cylinder is transferred to this hot tank (Fig. 11-2B), Qu 
joules or calories of heat energy flows from the hot water into the cooler 
gas, thereby raising its temperature and causing it to expand. If we attach 
the piston rod to some sort of machine, the expanding gas can do 
mechanical work. 

This is half of the working cycle of our heat engine. For the other half, 
which returns the gas to its original condition, we put the cylinder back 

' into the cool tank (Fig. 11-2C). Here Qc of heat energy flows from the 
warm gas into the cool water; the gas temperature drops to Tc, reducing 


its volume and drawing the piston downward. Again we can have work 


done by the moving piston rod. The gas is restored to its original tem- 
perature, ready to repeat the cycle again and again. 

The complete two-part cycle of this primitive engine has done the 
following: : 


1. The gas has absorbed Qy from the hot tank. 
2. The gas has rejected Qc to the cool tank. 
3. The gas has done work W. 


Figure 11-3 is a schematic diagram of the energies involved in a cycle. 
From the first law of thermodynamics we know that the energy that 
goes in must be equal to what goes out: 


Qu = Qc + W. 
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W = Quy - Qe 
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absorbed at T, 
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rejected at Tc 


FIG. 11-3 Schematic diagram of the flow of energy in operating a simple heat engine. 


The energy input has been Qy; the useful output has been W. So we 
have for the efficiency of the engine, 


_ output MW _ Qu - Qc _ _ 9c 


input Qu On Qu 


In 1824 a young French military engineer, Nicolas Sadi Carnot, 


‘investigated the theory of operation of an idealized heat engine, operating 


in a somewhat more complex cycle than the one we have considered here. 
With the use of more mathematics than is appropriate for this course, 
it can be shown that for such an ideal engine the Q’s (heat energies 
transferred) are exactly proportional to the T’s (the absolute temperatures 
at which the energy transfers take place). Thus Qc/Qy = Te/Ty, and we 
can express the efficiency of the ideal engine as 


This efficiency of Carnot’s engine is the maximum possible. For any 
other heat engine, real or imaginary—our little cylinder, the steam 
turbine driving an electric generator, or an internal combustion auto- 
mobile engine—the actual efficiency can only be less. A large modern 
electric generating plant sends hot steam into the turbines at about 
1000°F (811°K), and the used exhaust steam is in the neighborhood of 
100°F (311°K). The maximum possible theoretical efficiency for an ideal 


Carnot engine would be 1 


ef = 1 — J! =1— 938-09. 
8l 
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In a real plant the operation cannot duplicate Carnot’s imaginary ideal, 
and there are other unavoidable heat and friction losses, all of which 
will bring the efficiency down to perhaps 45 percent. Older, smaller 
plants would do well to reach 35 percent, and the national overall average 
efficiency is about 0.33. 

Consider a generator plant with an average production of 10 mega- 
watts of electric power at an overall efficiency of 35 percent. This means 


* total heat input x 0.35 = 10" W 


7 
total heat input = d. 2.86 x 107 W. 
0.35 


There are two destinies for this total heat input: 1.00 x 107 W 
of electric power and 2.86 x 107 — 1.00 x 10" = 1.86 x 10" W of 
rejected heat, some into the air through the stacks; some into the air 
from hot pipes, hot machinery, and friction; and most into the cooling 
water of the lake, sea, river, or cooling tower that serves the same purpose 
as the “cool tank” of our little cylinder-and-piston heat engine. 


If we could transform 100 percent of a given amount of heat into 
mechanical energy, we would not have to worry about mining coal or 


^ drilling for oil and gas. The first law of thermodynamics (which is only 


the law of conservation of energy) does not say that it cannot be done. 
An ocean liner could pump in seawater, extract the heat energy from 
it to drive its propellers, and throw overboard the resulting chunks 
of ice. An airplane could take in air, turn its heat into kinetic energy, 
and throw an ice-cold jet out through a nozzle in the rear. But, as Carnot 
demonstrated, we cannot use the heat content of our surroundings to 
produce mechanical work any more than we can use the water of the 
oceans to operate hydroelectric power installations. The potential energy 
of the water in the oceans is useless because there is no lower water level 
to which their water could flow; and the heat content of our surround- 
ings is useless because there is no lower temperature region to which 
this heat can flow. 

The big electric generators at Niagara Falls are possible only because 
water can be drawn from the river above the falls, its potential energy 
used to drive waterwheels, and then the water discharged at the lower 
level of the river below the falls. Here the transformations of energy are 
entirely mechanical but the basic principle applies equally well to heat 
engines. 

Most generating plants (whether the fuel be coal, oil, gas, or fissionable 
nuclei) are located beside a river or lake in order to have a large cool 
reservoir into which the necessarily rejected heat can be discharged. 
A few plants use large cooling towers instead, to discharge the heat into 
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the atmosphere, where the winds distribute it unnoticeably over a wide 
area. 

Obviously, some sort of organization is needed for us to be able to 
derive useful work from a system. We must have two water reservoirs at 
different elevations to run a waterwheel; and we must have two heat 
reservoirs at different temperatures to run a heat engine. If we have two 
insulated water tanks in a laboratory—one containing 100 gallons 
of hot water at 95°C, and the other 100 gallons of cold water at 5°C— 
we can imagine ourselves extracting considerable work from this system 
by shuttling a properly designed cylinder and piston back and forth 
between the two tanks until they are finally at the same temperature. 
If, however, we mix the two tanks together, we shall have merely 200 
gallons of 50°C water from which we can extract no useful work (unless, 
of course, we bring in some more water at a different temperature). 

This is the natural way for any transfer of heat energy to take place. 
If two bodies or materials of different temperature are placed together 
so that heat can be transferred, the hot body will cool, and the cold 
body will warm until the final temperature is the same for both. In 
other words, the natural way of the world is to equalize energy differ- 
ences—more specifically, differences in temperature. 

As far as the first law of thermodynamics is concerned, 200 gallons 
of 50°C water contains exactly as much heat energy as our two separate 
tanks at 95°C and 5°C. What is missing is the organization, or orderliness, 
of the two separate tanks, carefully segregated with hot water in one 
tank and cold water in the other. 

Scientists have a very useful word—entropy—which measures the dis- 
orderliness or lack of organization in a system. If you throw a piece of 
red-hot metal into a can of water, you have at the beginning a neatly 
ordered arrangement of the available heat of the metal-plus-water sys- 
tem; the high-temperature material is all in one place, and in the 
remainder of the can, well separated from the hot metal, is the lower- 
temperature water. The entropy of the system is relatively low, but in 
a few minutes this ordered arrangement is lost. The heat energy that 
was separated into hot material at one place and cool material at another 
is now randomly and equally distributed, and metal and water are all 
at the same temperature. The entropy of the system has increased. 

What of refrigerators, in which, for example, heat is taken from 
cold water to freeze it into ice, and this heat is discharged into the 
hot kitchen, to make it still hotter? Figure 11-4 is a diagram of the 
basic energy transfers in a refrigerator. Compare it to the correspond- 
ing diagram for a heat engine shown in Fig. 11-3. The two diagrams are 
identical, except that the directions on the arrows are all reversed. 
In the engine, heat flows in its natural direction from hot to cold and 
a part of it may be converted to useful work. In the refrigerator, work 
from some outside source must be done on it, to make some heat flow in 
the abnormal direction from cold to hot. 
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FIG. 11-4 Schematic diagram of the flow of energy in operating a simple refrigerator. 


The second law of thermodynamics can be stated mathematically in a 
number of different ways, all of which have the following consequence, 
that we could use as another statement of the law itself: 


= The Second Law of Thermodynamics is that no repeatable process 
is possible in which entropy does not increase.* 


The refrigerator seems to violate this law by transferring energy 
from cold to hot, but this is only because we have not considered the 
entire system involved. This includes not only the freezing water and 
the room, but also the motor and the power plant that generates the 
electric power to make it run. When we include all this, the negative 
AS of the refrigerator itself is more than offset by a larger positive AS in 
the power plant, so that the total AS is positive, as it must always be. 

Mathematically, the definition of a change in entropy is very simple: 


as = 42 


T 


where S represents entropy and AS is the change in entropy, AQ 
represents the heat added (it is negative if heat energy is Jost), and T 
is of course the absolute temperature at which the AQ was either lost 
or gained. We shall get into trouble if we try to apply this to the hot 
metal thrown into the can of water; the temperatures of the metal 
and of the water are constantly changing, which makes calculus neces- 
sary for handling the problem. We can, however, think of simple cases 
in which this difficulty does not arise. 


1 *- or at best is unchanged. AS = 0 is possible for a cycle of the Carnot engine, or other 
ideal cycles. No real process, however, can be quite ideal. 
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Considér, for example, a 100-g ice cube (0°C) thrown into a large 
container of warm water (40°C). In order to melt, the ice cube must 
absorb 100 x 80 = 8000 cal, and its temperature remains at 273^K 
until it is all melted. One ice cube will not measurably change the tem- 
perature of the water, so we can also consider this to be constant at 
313°K. The entropy change of the ice cube is expressed as AS, = 
8000/273 = 29.3 cal/°C. For the water (which has lost heat), the change 
is AS, = —8000/313 = —25.6 cal/°C. Thus the total entropy change 
in the ice-and-water system is 29.3 — 25.6 = +3.7 cal/°C. The entropy 
has increased, as is always true for any spontaneous natural process, 
if we are careful to include everything that is involved. 


Questions 


1. Confirm, by using Joule’s quoted figures, that 1 cal ~ 4.18 joules. (This 
will not come out exactly, as more modern work has shown that Joule’s 
figures, based on relatively crude apparatus, were a little off.) 

2 Confirm the statement at the end of Section 1, that 1.57 x 105 cal will 
heat 40 Ib of steel as stated. 

3. In a paddle-wheel experiment like Joule’s, a 20-kg mass descends through 
a distance of 1.25 m. After each descent the weight is wound back up and 
allowed to come down again. Fhis is repeated 24 times. The insulated container 
holds 2800 g of water. What rise in the temperature of the water could be 
expected? 

4. A 500-g weight is dropped 150 cm to the floor. How many calories of heat 
are produced? 

5. A 1500-kg car traveling 72 km/hr is brought to a stop (whether by a stone 
wall or the car’s brakes makes no difference). How many calories of heat are 
produced? 

6. A 10-g bullet traveling 300 m/s hits a target and is quickly stopped, (a) How 
much KE is converted into heat? (b) How many calories is this? 

7. A 20-kg piece of aluminum is dropped from a building 150 m high. Assume 
that 0.7 of its energy is converted into heat in the aluminum, and the remaining 
0.3 into heat in the ground. (a) How many calories go into heating the 
aluminum? (b) By how many degrees will the temperature of the aluminum 
rise? 

8. A 10-kg piece of lead is dropped from a building 100 m high. Assume that 
0.8 of its energy is converted into heat in the lead, and the remaining 0.2 into 
heat in the ground. (a) How many calories go into heating the lead? (b) How 
many degrees will the temperature of the lead rise? 

9. An iron bolt is fired at a speed of 300 m/s, by a special gun, into a concrete 
wall (a common procedure in modern construction practice). Assuming that 4 
of the heat produced goes into the iron, find the resulting rise in temperature 
of the bolt. 

10. A lead bullet of unknown mass is fired at a speed of 200 m/s into a tree, 
in which it stops. Assuming that $ of the heat produced goes into the bullet 
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and 4 into the wood, find how many degrees the temperature of the bullet is 
raised. - 

11. The melting point of lead is 327°C. At what speed would a lead bullet 
have to be fired into a target in order to completely melt the bullet, if half of 
the heat produced is absorbed by the bullet? (Bullet is initially at 27°C.) 
Remember that lead has a heat of fusion. 

12. A sack of ice at 0°C is dropped from a plane flying at an altitude of 500 m. 
What fraction of the ice will be melted by its impact with the ground, if half 
of the heat produced is absorbed by the ice? 

13. A 1500-watt heating coil is immersed in an insulated tank holding 100 kg 
of ice at — 10°C. How long will it take to raise the temperature of the contents 
to 70°C? 

14. A 100-watt lamp is immersed in an insulated container holding 500 g of 
alcohol at 20°C. How long will it take to warm the alcohol to 50°C? 

15. What isthe maximum possible thermal efficiency of an engine whose heat 
input is at 518°F and which discharges its waste heat at 176°F? 

16. what is the maximum possible thermal efficiency (i.e., the fraction of 
energy supplied that is converted into useful work) that can be obtained from 
an engine whose heat input is at 400°C and that discharges its waste heat 
at 60°C? 

17. An engine operates between the temperatures 800° and 200°C. By what 
fraction would its theoretical thermal efficiency be increased if it were found 
possible to raise its high temperature to 900° C? 

18. An engine operates between the temperatures 800° and 200°C. By what 
fraction would its theoretical thermal efficiency be increased if a redesign 
lowered its discharge temperature to 100°C? 

19. An electric generating plant producing an average output of 50 MW 
operates at Tj, = 800°C, Te = 50°C. (a) What is its ideal theoretical efficiency? 
(b) The plant realizes 70 percent of this theoretical efficiency—what fraction of 
the heat input is converted to electrical energy? (c) To produce 50 MW, how 
many joules of heat energy must be provided per second? (d) Cooling is 
accomplished by a river that carries 10 m3/s. How much rise in temperature 
does the heat discharge cause? 

20. Consider a nuclear-fueled power plant producing a peak output of 
120 MW of electric power. The nuclear reactor must operate at a lower 
temperature than a fuel-burning boiler can, so Ta is only 400°C, and Tc is 
40°C. (a) What is its ideal theoretical efficiency? (b) What fraction of the heat 
input from the reactor is converted into electric power, if its real efficiency is 
78 percent of the theoretical ideal? (c) At its peak output, how many joules 
per second of heat energy must be supplied by the reactor? (d) Cooling is done 
in a river that flows 30 m?/s. What is the temperature rise of the river at peak 
plant output? 

21. A tank is divided into two compartments by a partition of sheet copper. 
On one side is water at 80°C; on the other is water at 20°C. In a brief period of 


-time, 1000 cal will flow from the hot side to the cool. What is the total change 


in entropy during this period? (Assume there is so much water that 1000 cal 
does not change the temperature appreciably.) 


22. A heating coil is immerséd in an insulated tank that contains 1000 g of 
Heat and Energy crushed ice mixed with an equal mass of water, all at 0°C. Steam at 100°C is 
passed through the coil until all the ice is just melted. (a) What has been the 
entropy change of the steam? (Assume it leaves the far end of the coil as 
100°C water.) (b) What has been the entropy change of the ice? (c) What has 
been the totaLentropy change? y 


A24 ht ad _ Surveying the physical properties of different substances encountered 
The aplecate in nature, we find a great deal of variety. Some of the substances are 
‘Hypothesis. normally solid, melting and turning into gas only at extremely high 
to 0 0 e temperatures. Others are normally gaseous, becoming liquid and freez- 
ingonly when the temperature drops close to absolute zero. Some liquids 
are of high fluidity, while others are very viscous. Some substances, 
generally known as metals, possess a high degree of electric and thermal 
conductivity, while others, the dielectrics, are very good insulators. 
_ Some substances are transparent to visible light while others are com- 
letely opaque. . 
We ascribe all eE differences between substances to differences in 
their internal structure and attempt to explain them quantitatively as 
well as qualitatively as being due to different properties and interac- 
tions of the structural elements of matter. We assume that such seemingly 
homogeneous substances as air, water, or a piece of metal are actually 
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A a solid 


B a liquid 


Ca gos 
FIG. 12-1 Three states 
of matter. 


12-2 
Brownian Motion 


composed of a multitude of extremely small particles known as molecules. 
All molecules of a given pure substance are identical, and the differences 
in physical properties between various substances are due to the differ- 
ences between their molecules, There are as many different kinds of 
molecules as there are different substances, of which there is indeed an 
enormous number. 

The molecules forming any given material body are held together by 
intermolecular forces, which are determined by the nature of the mole- 
cule. These forces resist the tendency of internal thermal agitation to 
break up the molecular aggregates. If intermolecular forces are strong, 
molecules will be as rigidly cemented together as the bricks in a garden 
wall (Fig. 12-1A), and the material will remain solid up to very high 
temperatures. If these forces are comparable to the forces of thermal 
agitation, they may not be able to hold the molecules rigidly in their 
places and may permit the molecules to slide more or less freely past 
each other as if they were grains of fresh Russian caviar (Fig. -12-1B). 
Thus the substance will keep its volume, but it will take the shape of the 
container in which it is placed. The viscosity of the liquid will depend 
on how easily this sliding of molecules can take place, and the substance 
will become more and more fluid as its temperature and thermal agita- 
tion rise. If the intermolecular forces are very weak, the molecules will 
fly apart in all directions and the material must be kept in a closed con- 
tainer like a bunch of agile flies in a glass jar (Fig. 12-1C). This picture 
explains the high compressibility of gases, since compression results 
only in the reduction of the free space in which the molecules are mov- 
ing. We can get an idea about the amount of free space between the 
molecules of a gas by comparing the density of the gas with its density 
in the liquefied state, when the molecules are packed together. For exam- 
ple, the density of atmospheric air, under normal conditions is 0.0012 
g/cm3, and the density of liquid air is 0.92 g/cm?, or 800 times larger. 
Since, in the liquid state, the distances between the centers of neigh- 
boring molecules are approximately equal to their diameters, the dis- 


tances in the gaseous state must be A800 = 9.3 times the diameters. 
This relation is shown in Fig. 12-2. 


Although molecules are too small to be seen individually through even 
the best microscope, their thermal agitation can be noticed by observ- 
ing the movement of small particles of smoke floating in the air. This 
phenomenon is called Brownian motion, after the British botanist Robert 
Brown (1773-1858), who in 1827 observed the irregular motions of 
plant spores floating in water. Such small particles play the role of an 
intermediary between our familiar surroundings and the world of mole- 
cules since they are large enough to be observed microscopically but are 
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FIG. 12-2 The approximate relative diameters and distances between air molecules in 
the normal sea-level atmosphere. The blob to the right of the box shows the same molecules 
in liquid air. 


also sufficiently small to be affected by irregular molecular motion. The 
situation is similar to that of a pilot in a high-flying plane observing a 
Navy task force in a choppy sea. He cannot, of course, see the waves 
themselves, and tiny life rafts that follow every movement of the water 
are invisible to him; at the other extreme, the big aircraft carriers will 
seem to float without any disturbance at all. But the medium-sized ships, 
which he can still see, will show a definite roll, and our pilot will know 
that the sea is rough. In Fig. 12-3, we show the successive positions of 
asmoke particle, 1 micron (= 1075 m) in diameter, dancing its Brownian 
dance in atmospheric air. The study of Brownian motion by both 
Einstein and the French physicist Jean Perrin (1870-1942) led to indis- 
putable proof of the reality of the thermal motion of molecules and gave 
us valuable information concerning the amount of kinetic energy 
involved in it. 

Figure 12-3 is not an actual detailed chart of the real motion of à 
smoke particle. As the caption implies, the position of the particle (on 
a magnified scale) has been recorded at the end of each minute, and then. 
these points have been joined by straight lines. The actual path of the 
particle between any two points was itself a jagged, irregular one similar 
to the larger-scale path of Fig. 12-3, but on a scale too small to measure 
and record. The point of the matter is that if statistical methods are 
applied to data such as those recorded in the illustration, it is possible 
to calculate the average velocity of the particle during its erratic journey. 
If the mass of the Brownian motion particle is known, it is then a simple 
matter to find its average kinetic energy, from mv’. 

But what is the use of this bit of knowledge, other than a little intel- 
léctual exercise? The smoke particle is enormously larger than the 
molecules of the air in which it is suspended. Its motion, however, is 
caused by millions of collisions per second with the air molecules. 
One individual collision will not move the particle appreciably; but 
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FIG. 12-3 Successive positions of i ola particle in air, recorded at one-minute 
intervals (according to J. B. Perrin). 


occasionally the number of air molecules striking it on the left side, 
say, will happen to be. greater than the number striking it on the right 
side, and as a result the particle will move a visible distance to the right. 
Here again, a complicated statistical analysis of all possible collisions 
leads to the theorem of the equipartition of energy. This theorem states that 
in the random motion of a large number of colliding particles, the average 
kinetic energies of all particles are the same; regardless of their masses. 
In other words, on the average, 17,7? for the large particle is exactly 
equal to Jmyvj for a molecule of air. 

Brownian particles in the neighborhood of 1 micron (4) in diameter 
are observed to move at room temperature with an average velocity of 
0.65 cm/s, and since their mass is about 5 x 1071? g, their kinetic 
energy must be about 107 !? erg. Thus, by the equipartition theorem, 
this value must also represent the kinetic energy of individual air mole- 
cules at this temperature. 

With an increase of temperature, the intensity of Brownian motion. 
also increases, so that by direct observation of the tiny particles suspended 


"jn a gas, or a liquid, we can study how the energy of thermal motion 


depends on temperature. The results of such experiments performed 
between 0° and 100°C are shown in Fig. 12-4. The observed points are 
located on a straight line and, extrapolating it in the direction of lower 
temperatures, we come to the conclusion that Brownian motion must 
completely stop at —273°C. 

We recall that —273°C is 0°K, the zero of the absolute temperature 
scale (see Fig. 10-4). From this, and from the straight-line petuo 
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FIG. 12-4 A schematic diagram showing the kinetic energy of Brownian motion 
measured for temperatures between 0° and 100°C, and extrapolated to lower temperatures. 


in Fig. 12-4, we must come to the conclusion that the average kinetic 
energy of the thermal motion of molecules is directly proportional to the 


- absolute temperature. 


As we deduced above from the Brownian motion of smoke particles, 
the average kinetic energy of an air molecule at room temperature 


(about 300°K) is about 10-33 erg. Now we may imagine taking an air 


‘molecule at absolute zero and warming it up to room temperature a 


' degree at a time. Since its 300°K energy is 10^ 13 erg, this means we would 


have to add 107 13/300 = 3.3 x 1075 erg to raise the temperature of 
1 molecule of air by 1°C. : 

On the other hand, we can deal with air in wholesale quantities, 
paying no attention to the billions of molecules that it contains. From 
such bulk experiments, we know that the specific heat of air is 0.16 
cal/g/°C. Converting this to ergs, we have $ 


0.16 cal x 4.18 J/cal x 107 ergs/J = 6.7 x 10° ergs. 


‘It thus takes 6.7 x 105 ergs to raise the temperature of 1 g of air by 


1°C. Then, merely by the simple division 6.7 x 105/3.3 x 1074, 
we learn that 1 g of air must contain 2 x 10? molecules; or in other 
words an air molecule has a mass of 1/(2 x 1022) = about 5 x 10 7g 
(This, of course, is a rough average for the 80 percent nitrogen and 
20 percent oxygen that are the main constituents of air.) 

Since 1 g of liquid air occupies a volume of about 1 cm? (its density 
is 0.92, i.e., about 1), the volume of a single air molecule must be 
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Molecular Beams 


about 1 em?/Q x 102) = 5 x 10723 cm}, and its diameter about 
V5 x 1077? = 4 x 107? cm. 

We can also use the data above to estimate the velocity of molecular 
motion. At room temperature, we have found the average energy of a 
molecule to be 107! erg, and its mass to be not far from 5 x 1075 g. 
Then, from KE = 4nv?, 


1079 = 0.5 x 5 x 1073 y? 
POSRE 4S 
2.5 x 1073 
v = V4 x 10 = V40 x 10® = about 6 x 10 cm/s 
= about 0.6 km/s. — 


=4-x 10° 


It is interesting to think that all this knowledge of invisible molecules 
has been derived from measurements made entirely on bulk material 
such as smoke particles and grams of air. We can summarize the results 
in Table 12-1: 


TABLE 12-1 APPROXIMATE PROPERTIES OF AIR MOLECULES 


Mass 5 x 107?3g 
Diameter + 4 x 1078 cm 


Velocity (at room temperature) 0.6 km/s 


Our faith in the existence of molecules might be a little firmer if it rested 
on evidence somewhat more direct than that used above. If we make a 
small hole in the wall of a vessel containing a considerable amount of gas, 
and the gas escapes out into the surrounding vacuum, the picture will 
look in general like that of a panicked crowd rushing out of a burning 
theater. Although the resulting stream of gas will be generally directed 
away from the opening, individual molecules inside the stream will 
continue to execute their irregular thermal motion, rushing in all direc- 
tions and constantly colliding with each other (Fig. 12-5A). 

The phenomenon will be different if the density of the gas in the 
container is so small that the molecules are not likely to collide with one 
another. In this case, the molecules fly out of the container independently 
one by one (Fig. 12-5B), and the velocity of the outgoing particles will be 
determined by the thermal velocity of their molecular motion, corre- 
sponding to the temperature of the gas. These molecular beams, in which 
the individual molecules go their own way and do not interact with the 
others, are very useful for the study of many molecular properties. 

The German physicist Otto Stern pioneered in the study of molecular 
beams and, with his students and followers, developed several ingenious 


isib en bgmethods for directly measuring molecular velocities. One such piece of 
equipment is sketched in Fig. 12-6. The entire apparatus is in a high 


yacuum s9 that, the molecules being studied will not collide with air 

a ;, mole a es, ‘source of the beam is a ceramic cylinder heated to the 
Mud Tequired,hi temperature by electric current in a wire wound around 
A y its surface. ithin the cylinder is placed a small piece of some volatile 


material (sodium or potassium metals in this particular experiment), 
which gives rise:to a gas of low density and pressure. Individual molecules 
of the gas fly out through a small opening at the base of the cylinder, 
and a thin molecular beam is cut out of the divergent stream by a 

A slotted diaphragm. ' 
LEV. usen beam of molecules falls generally on the out- 
mo Kod ede su te% fotating metal drum. Once each revolution, however, a 
B thin slit S in thezdrum passes across the beam, and a small spurt of 
EiG/12/5 ! IMolacujar. " molecules M passes through to the inside of the drum, as shown in dia- 
bealtisy(ayiwhed the ctt 10 sgtaim LDirettlysopposite the slit in the drum is a glass plate; if the drum 
ani i pel eeepc loviwerelstationar; the molecules would pass across and strike the plate at 
nüiólecules-dhd theigasi (11.2 rpoint/4. 'Erhecdrurmi, however, is rotating rapidly, and during the time the 
flows out in a continuous spurt of molecules crosses the diameter of the drum D, the drum has 


stream; (B) at very low js : : A 
density there are few moved so that the flying molecules strike the plate at point B instead 


Dude ta OM whata (diagram:ll).- 


© individuals. Let us say that the drum is rotating at an angular speed of f rev/s, 


ett QWhich is 2r f rad/s. We recall that the linear speed of any part of a rotating 

mo 5" Podytis ro, so the linear speed of the glass plate is (D/2) x 2nf = nDf. 

*Yà à time inus "f; the glass plate will have moved through a distance 

d = nDft, where t will be the time required for the molecules to cross 

the diameter of the drum. If v is the speed of the molecules, this time will 

botes Ji dt qari obit ibedequal.tosD/r, Substituting this value for the time into the equation 


| p sam ow 3E vods bfar digyegeb isib on 


ang 1o inuoms ofdmobieroo s sninisinoo 19227 q _ pf x D. afb? i 
liw s1udoiq, edt .reuuaev anibruoriue sil) ot v v 
gaimud s 1o Juo gnidaut bwoto bedvifing £ 
bsto»iib Vligrensn sd Hive 269 To missile unii p- 
iliw mesye ont abieni esluoslom. Ieubiviba: 


sporti ils ni gaident troion leraysdy t! i : 
(ACSI ‘sifrom theabo experimenter knows that any molecules deposited 


Spar 
‘dt ni eg od) 10 ii ka distenes d from point ‘A must have traveled with a speed given by the 


eng itive 3billoo ot voslast equation, The, values of thermal velocities obtained by this direct 


vlinsbnaqbni sorisino Method, are, in perfect agreement with the values obtained by the less 


od Iliw e9lotreq anioni dteet considerations described in the previous section. 
19110 ,noilom Telusslorm It, was-found, that not all the molecules in the beam struck the plate 
foidw ni 2929 ce ja the same, spotin other words, that not all the molecules had the 
adi diiw 196151ni Jon oBARE velocity... 1t. is quite easy to measure the relative thickness of the 
zoitiaqorq 161 vof posi at various distances along the plate and thus to figure the relative 
'ystuasforn 10 ybute àdi umber of 3 nglecules, moving at each different velocity. Although the 


euoinsgai l&vovoz poqon bulk of, the, molecules moye at about the velocity that would be 


nfD* 
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To vacuum 
pump 


Drum of diameter D 
rotated by a motor (not shown) 


FIG. 12-6 One type of apparatus for measuring the distribution of molecular velocities. 


expected from the temperature, there are always some molecules that 
move considerably slower or considerably faster than the average. Curves 
showing the distribution of molecular velocities at two different tempera- 
tures are given in Fig. 12-7. These deviations from the average result 
from the statistical nature of molecular motion and the irregularity of 
molecular collisions that may occasionally almost stop a molecule 
in its tracks or else send it rushing on with an abnormally high speed. 
The statistical study of the velocity distribution of the molecules of a 
gas was carried out in the last century on a purely theoretical basis by 
the British physicist James Clerk Maxwell, who derived a mathematical 
expression describing the distribution of molecules of different velocities, 
The curve obtained by Stern in his experiments stands in excellent agree- 
ment with Maxwell’s distribution of molecular velocities. 
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Kinetic Theory 


“of Gases - 


a FIG. 12-7 Graph of Maxwell's calculation of the distribution of molecular speeds ina 
. gas at two different temperatures. 


Consider a closed box (Fig. 12-8) containing a certain amount of gas. 
The molecules of the gas are rushing ceaselessly in all directions, colliding 
with each other and bouncing off the walls. The pressure of the gas 
on the surrounding walls is the result of the continuous bombardment 
to which the walls are subjected by the onrushing molecules. Suppose 
first that we keep the temperature of the gas Gie., the velocity of its 
molecules) constant but reduce the volume. It is easy to see that in 


—. this case the number of molecules hitting a unit area A of the wall will 


FIG. 12-8 Molecules of a gas bouncing (reflecting) trom an enclosing wall, and thereby 


exerting a pressure on it. Consider the enclosure to be a cubical box measuring a cm on 
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increase in inverse proportion to the decreasing volume. Since the pres- 
sure experienced by the walls is proportional to the total number of 
impacts they receive per unit time, we have here the explanation of the 
inverse proportionality between the pressure and the volume of gas. 

Now keep the volume constant but increase the temperature and thus 
speed up the molecular motion. This will have two effects: 

1. Since the molecules are moving faster, a larger number of them will 
collide with the wall area per unit time. 

2. The impact of each molecule will be more violent because of its greater 
speed. 

Since the pressure depends on both the number of impacts per second 
and the force of each impact, and since each of these factors is propor- 
tional to molecular velocity, the combined result is that the pressure will 
be proportional to the square of that velocity, i.e., to the kinetic energy 
of molecular motion, or, what is the same, to the absolute temperature 
of the gas. ; 

The qualitative arguments given above will be more convincing if our 
conclusions are backed up with quantitative mathematical arguments as 
well. Let us put X identical molecules, each of mass m, in the box of 
Fig. 12-8. They will be moving at many different speeds, and the speed of 
any molecule will change many times a second as the molecules collide. — 
To make the arithmetic easier, we can imagine replacing these N real 
molecules with others that are moving with a constant, unchanging speed. 
What-should this speed be? We do not want to change the temperature, 
so the average KE must remain the same. All the molecules have the same 
mass, so we, need only ensure that the new v? of our constant-speed 
molecules is the same as the average v? of all the individual real molecules. 
So we need only (in imagination, or by the use of complex mathematics) 
square the speed of each real molecule, average all these squares, and 
then take the square root of this average (or mean) value. Physicists, 
chemists, or others interested in molecular behavior, call this the root- 
mean-square velocity, Vims» since it is the square root of the mean square. 
This is the molecular speed we will be dealing with throughout this 
chapter, and it will be simpler to use merely the letter v, with the under- 
standing that v = Vms i 

We can make a further simplification by assuming that at any instant 
N/3 molecules (one-third of the total) are bouncing back and forth 
vertically between top and bottom, another N/3 between the left face and 
the right face, and N/3 between the front and back sides—and all this 
without colliding with one another. (Actually, since we have assumed 
the molecules to be perfectly elastic, it makes no difference in the final 
answer if they do collide. If we avoid collisions, however, it helps keep 
our mental picture a little clearer and simpler.) This seems very unreal 
and artificial, but a more sophisticated and realistic mathematical analy- 
sis brings us to exactly the same final result. 


FIG.12-9 The change 
in momentum of a gas 

> molecule when reflected 
from a wall of its container. 


Figure 12-9 shows one of the molecules bouncing off the right wall. 
Its original momentum was m» toward the right; after impact it bounces 
back with a momentum of mo toward the left, or —mv. This gives 2mv 
as the change in momentum for each molecule that strikes the wall. 
We must now find how many molecules per second strike the wall. To 
make things as simple as possible, assume (as in Fig. 12-9) the box is a 
cube a cm x a cm x acm. A molecule going v cm/s will require a/v 
seconds to travel the a cm from one side of the box to the other and will 
therefore make v/a collisions per second with the two walls between 
which it is bouncing. On one wall, the collisions per molecule will thus 
be v/2a per second. There are N/3 molecules bouncing between each pair 
of walls, so the total number of collisions on one wall is Nv/6a per second. 

- It has-been shown above that each collision produces a momentum 
change of 2m», which means that the total momentum change per sec- 
ond on one wall is 2mv x Nv/6a = Nmv?/3a. The wall has an area of 
a?, so the momentum change per unit area per second is 


1 
E 
a? 3a 3a? 


From our earlier discussions of Newton's second law, we recall that 
force is equal to the rate of change of momentum, which is just what 
we have finished figuring. Hence the force on a unit area of wall, which 
is the pressure, is the last expression we have derived above: 


Nmv? 


ji 
3a? 


Let us rearrange this equation to put it in the form 


The volume of the gas, V = a°. In the denominator, mv? is twice the 
KE of the molecules, which we know to be proportional to the absolute 
temperature. So mv? is also proportional to T, which is a relationship 
we can write as mv? = kT, where k is some proportionality constant we 
will not bother to evaluate. We can substitute these values back in the 
equation above, to get 


FEAA, PK = 5 x N = a constant x N. 


Here we have a theoretical justification for the general gas law that 


we used in Section 5 of Chapter 10. We can also see from this relationship 
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Surface Tension 
and Surface 
Energy 


that equal volumes of any gasesynifitheyate at the same temperature 
and pressure, must contain leqwaibmuitibers;dfumolecules. Aiter Uf thé 
lightest gas, hydrogen, contailis tire samidaiumber of molecllés a5 aiie 
of the gas uranium hexafluoritie;dwhose/ molecules are 176 times more 
massive. val ots no-bssrgs 
Another unexpected result vah comesfrom our original equation 
P = Nmv?/3a°. The total mass ofzanyogds.sample is Nm, the number of 
molecules times the mass of each; molequle;:and a? is the volume. This 
gives us | Yilsionanit ets. voy 
aroiemassiox Ho rus 
.01 366 vatum! 1i 
10292 oft bas vgrono 
Mass/volume is the density of'the:gas;rd, sozwejhave 
Dus 191002 29r1o99d 
P Lidvcalusalgin. so A. 
Smisgs) jesd zji ob 
omosg oT .eldiezoq / 
A handbook tells us that thesdensity afsainjat 1 standard atmosphere 
(1.013 -x 10° dynes/cm?) -andi K GARI Khds 1.293 x 107° g/cm’, 
Substitution of these values gives the rms speed of air molecules under 
these conditions as 


ain gahi sT 
v = X3 x 1.013 x 105/4293oxql0 f Bigpif-85 x 10* cm/s. 


:8q 8 ni bsoslq 198w 

|! ; no tuq ei neq »d1 ti 
We all are familiar with dewdropssandiraindraps, and most of us have 
seen an escaped bit of mercuryngathensitselficup into elusive droplets. 
Liquids all show this tendency ;to:assume:a characteristic spherical shape 
in competition with the force'of gravitycthaiiforees liquids to assume the 
shape of their containers. A.glàssicanibe:filled;heaping full of water, so 
that the water level stands sliglitlyabovéheximyand slopes down toward 

it at its edge. :318w 8 9roosd brig 
These phenomena are examples: ofiisurfaeeitension, apparent in all 
liquids. Surface tension cani be;explaltied: fremi the molecular point of 
view by considering that eachsmeleculesisssubject to attractive forces 
from its surrounding fellows: Lets consider Obis from the standpoint of 
potential energy. As always, ie mustfirst;agiee on what we shall con- 
sider to be the level of zero potentialenengy;)As'a matter of convenience, 
let us call the energy zero Whew. avanbleeiileius outside the liquid we 
shall be considering. Now let; us;readhiinside æ drop of liquid with an 
imaginary pair of impossibly:fine tweezers bnd;remove one of the mole- 
cules. It is completely surroundedbon albhidesoby other liquid molecules, 
and to remove it we will hayebtosde: wotkeagainst the attraction of all 
these neighbors. Since we mustsdoxthisoworkxta; raise its energy to zero, 
it apparently had a quite lárge: megativercnétgy when it was inside the 

drop. isioqavs YAW moe? 
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Having done this, let us repeat the process for a molecule on the outer 
surface of the drop. This molecule, being on the surface, is not surrounded 
by neighbors on all sides, but only on the bottom. Therefore, less work 
will have to be done to remove this molecule and bring it up to our 
agreed-on zero level of energy. And therefore, of course, its energy is 
less negative than the energy of an interior molecule. 

So, because it is less negative, we see that a surface molecule has a 
greater potential energy than an interior molecule. (If you owe $50, 
you are financially better off than if you owe $100.) We have seen on 
many other occasions that physical systems come to a state of least energy 
if they are able to. (This is really a consequence of equipartition of 
energy and the second law of thermodynamics, although we shall not 
pursue the reasons any farther.) A truck rolls downhill, a hot body 
becomes cooler, and so on. And, to reduce the number of its high-energy 
surface molecules and therefore its total energy, a piece of liquid will 
do its best, (against the pull of gravity) to make its surface as small as 
possible. The geometrical shape that has the least surface for a given 
volume is a sphere, so the liquid comes as close as it can to assuming the 
form of spherical drops. 


The ideas of kinetic theory and of bonds between the molecules of a 
liquid help to explain the phenomenon of evaporation. We all know that 
water placed in a pan on a shelf will gradually disappear into the air; 
if the pan is put on a warm stove, it will evaporate much more rapidly. 
We must recall that whenever two bodies attract each other, it requires 
energy to separate them, whether the bodies are a heavy weight and the 
earth, or a pair of water molecules. If a water molecule happens to be 
in the top layer of molecules and happens to be moving upward and 
happens also to have speed enough to break away from the attractive 
forces of its neighbors, it will then evaporate from the liquid surface 
and become a water-vapor molecule, Figure 12-10 shows the applica- 
tion to this situation of the Maxwellian distribution of molecular veloc- 
ities, as illustrated in Fig. 12-7. The velocity v is required for a water 
molecule to be able to pull free from the attraction of its fellows. At 
300°K, only those molecules under the line AC, on the tail of the dis- 
tribution curve, will have a speed of v or greater. This is a very small 
fraction of the total area under the 300° curve, and the evaporation rate 
will be slow. At 350°K, however, the curve is shifted to the right, and 
at this higher temperature all the molecules under BC will have enough 
speed to escape. This is a much greater fraction of the total number of 
molecules, and, as a consequence, the rate of evaporation will be in- 
creased a great deal more than would be expected from a mere com- 
parison of temperatures. 

We can also see from this molecular explanation of evaporation the 
reason why evaporation causes a liquid to become cooler. Only the 
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FIG. 12-10 The distribution of velocities in liquids of different temperatures; a àig 
rise in temperature gives many more molecules the energy needed to evaporate. 


fastest-moving and most energetic molecules are able to escape. Wit 
these high-energy molecules constantly leaving the liquid, the averag 
energy of those remaining constantly becomes smaller, as long as th 
evaporation continues. Since temperature is really only a measure of th. 
average kinetic energy of the molecules of a body, the evaporating liquit 
becomes cooler. 


The phenomenon of diffusion takes place in liquids as well as in gases. 
If we drop a lump of sugar into a cup of tea and then do not stir it, it 
will take a very long time, many hours as a matter of fact, until the tea 
becomes uniformly sweetened. If we do wait, we will find that the situa- 
tion is the same as could have been achieved in a minute by using a 
spoon. How do the molecules of sugar, without being stirred, travel 
through the liquid? Well, they just shoulder their way through the crowd 
of water molecules in the cup as the result of thermal agitation, They j 
do not follow any straight path but execute a “random walk,” as illus- 
trated in Fig. 12-11. : 1 

. Itis worth turning back to Fig. 12-3 to note that the motion of a 
Brownian particle is also a "random walk." The same arguments apply 
to a smoke particle in collision with air molecules as ot a sugar molecule 
under bombardment by water molecules. If a person takes N steps all 
in one direction and the length of each step is L, then obviously he will 
cover the distance NL away from the point from which he started. If, 
however, he changes his direction at random with each step, he does 
not go that far. It can be shown mathematically in this case that the 
mean distance traveled away from the original point, averaged over 
many trials, is only VN x L. Thus, since the, number of steps taken 


FIG. 12-11 A "random walk,” in which a person (or other particle) frequently changes 
his direction by turning at unpredictable angles. - 


is proportional to time, the distance traveled in a random walk increases 
.. only as the square root of time. The situation is illustrated in Fig. 12-12, 
which shows the diffusion of sugar molecules through the unstirred cup of 
tea. The phenomenon of diffusion plays an important role in many 
other. rocesses of physics besides the sweetening of unstirred tea. The 
principle < of ‘the atomic reactor is based on the diffusion of neutrons 
through. the moderator, and the energy quanta produced by thermo- 
? nuclear reactions in the center of the sun similarly diffuse through the 


body of the sun until they. can E off freely into space after reaching the 
surface, spe 


ae 
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10 minutes 20 minutes 30 minutes 


FIG. 12-12 The diffusion of sugar in an unstirred teacup. The distances diffused i 
12 . in 10, 
20, and 30 minutes are in the ratio of t 3 v2 : V3, or 1 : 1.41 : 1.73. 


Questions 


1. The element bromine is a liquid at room temperature with a density of 
3.12 g/cm. When vaporized (at 60°C) its density is 7.59 x 107? g/cm?. By 
about how many molecular diameters are its gaseous molecules separated? 

2. Liquid sulfur dioxide has a density of 1.4 g/cm®, In the gaseous state under 
normal conditions, its density is 2.9 x 107? g/cm?. By about how many 
molecular diameters are the gaseous molecules separated? 

3. The text gives 0.65 cm/s as the average velocity of particles 1 u in diameter 
at 27°C. What would be the average speed of particles 8 times this large in © 
diameter, made of the same material, and at at the same temperature? ! 

4. Observation shows that at the same 27°C certain uniform suspended 
particles have an average speed of 1.95 cm/s, rather than the 0.65 cm/s quoted 
in the text for particles of 1-4 diameter. What is the diameter of these faster 
moving particles? (Assume them to have the same density.) 

5. By what factor are (a) the kinetic energy and (b) the speed, of the particles 
in Question 3 multiplied if the temperature is raised to 90°C? 

6. Molecules of gas at —73°C have a certain average speed and KE. To what 
temperature must the gas be heated to (a) double the KE of the molecules? 
(b) double the average speed of the molecules? 

7.A molecular-beam apparatus such as described in the text has a drum 
10 cm in diameter that revolves 5400 rev/min. When exposed to a molecular 
beam of vaporized sodium, the densest deposit on the plate is displaced 0.75 cm 
from the point opposite the entrance slit. What is the average speed of the 
vaporized sodium atoms? 

8. Consider an oven containing sodium at the same temperature as in Question 
7, with a similar rotating drum 14 cm in diameter, rotating 4500 rev/min. 
How far from point A will the deposit of sodium be densest? 

9.A krypton molecule is 2.25 times as massive as a molecule of oxygen. If 
samples of both gases are at the same temperature. how do their rms speeds 
compare? 

10. A molecule of hydrogen has a mass one-half that of a molecule of helium. 
How do their rms speeds compare, if both gases are at the same temperature? 

11.Box A contains N molecules of a gas at temperature T. Identical box B 
contains some of the same gas that is in A; its pressure is equal to the pressure 
in A, but its absolute temperature is 1.57. (a) How does the average speed of 
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the molecules in B compare with those in A? (b) How many gas molecules 
are in box B? 

12, Box A contains N molecules of a gas at temperature T. Box B is identical 
with A and is at the same temperature; but B contains N molecules of a gas 
whose molecules are twice as massive as those in A. (a) How does the average 
energy of the molecules in B compare with those in A? (b) How does their 
average speed compare? (c) How does the pressure in B compare with the 
pressure in A? E 

13. The density of chlorine gas is 3.2 x 107? g/cm? at 1 atm pressure and 
0°C. What is the rms speed of chlorine molecules at this temperature? 

44. The density of helium gas at 1 atm pressure and 0°C is 1.78 x 1074 
g/cm?. What is the rms speed of the helium molecules? 

15. Consider a single droplet of 1 g of mercury on a level surface. Now, with 
a knife or card, divide the droplet into two 0.5-g droplets. (a) Does the mercury 
now have more or less surface area than it did as a single droplet? (b) Does it 


. now have more or fewer mercury atoms on the surface? (c) Has its surface 


energy been increased or decreased? 

16. Explain why two clean mercury droplets, when pushed into contact, will 
spontaneously run together to form a single droplet. Will the single droplet 
formed in this way be a little bit warmer, or a little bit cooler, than the separate 
pair of droplets? 

17. A pan of water at 27°C is set in the breeze on a warm (27°C) dry day. The 
water cools to 22°C, after which its temperature does not change. Explain 
why it does not continue to cool until it is all evaporated away. 

18. Ifa pan of ether (or alcohol, or other relatively volatile liquid) at 27°C 
is set in the same breeze on the same day as the pan of water in Question 17, 
will it become cooler than the pan of water? Explain. 
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transmit the energy of waves depended on its physical characteristics. 
Something analogous to inertia and elasticity were essential, to give it 
the ability to temporarily store kinetic and potential energy. Light is 
transmitted to us from distant stars through what appears to be trillions 
of miles of an almost perfect vacuum—but the complete nothingness of a 
vacuum could not have the characteristics that seemed to be needed for 
the transmission of any sort of waves. So its was concluded that space 
contained not merely nothing, but was an all-pervading ocean of a 
hypothetical “ether,” through which waves of light could propagate. 

Since these waves were without doubt transverse, it was necessary 
to conclude that the ether was some sort of, rigid material, in order to 
provide the resistance to deformation necessary to transmit iransverse 
waves at the speed of light, which is 3 x 10° km/s. But if the entire 
space of the universe were filled with this rigid material, how could the 
stars and sun and planets, including the earth, move through space 
without any apparent resistance? 

Escape from this apparent contradiction was sought in the assumption 
that ether had properties similar to those of plastic materials, such as 
sealing wax, which behave as solids under the influence of strong forces 
acting over a short period of time, but flow as liquids when acted upon 
by weak but persistent forces such as their own weight. It was argued 
that in the case of propagating light waves, where the force changes its 
direction 10!5 times per second, ether could show the properties of an 
elastic solid, and that on the other hand, it could flow as a perfect fluid 
around the bodies of the planets of the solar system since in this case the 
rotation periods are measured in years. But this "explanation" of the 
unusual properties of the light-carrying medium remained nothing but 
words, an no consistent theory of its mechanical behavior was ever 
worked out. The acid test of the ether hypothesis came late in the nine- 
teenth century and resulted in a complete turnabout of our ideas con- 
cerning the nature of light waves and electromagnetic fields. 

If it were true that light waves propagate through a jelly-like ether 
that fills universal space, we should be able to measure our motion 
through space by observing the effect of that motion on the velocity of 
light. In fact, since the earth moves in its orbit at a speed of 30 km/s, 
'we would experience an "ether wind" blowing in the direction opposite 
to our motion in the very same way that a speeding motorcyclist experi- 
ences a strong “air wind” blowing into his face. Light waves propagating 
in the direction of that "ether wind” would move faster, being helped 
by the motion of the medium, while those propagating in the opposite 
direction would be slowed down. In theory, one might detect this sup- 
posed speed of the earth through the ether by measuring the speed of 
light coming from stars located in opposite directions in the sky. Such an 
experiment would not be feasible even now, and near the turn of the 
century it was unthinkable. So scientists were forced (as they often are) 
to resort to more indirect methods. In 1887 the American physicist 
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223 : A. A. Michelson, later aided by E. W. Morley, began a series of experi- 
M Me Theory ments designed to measure the earth's velocity through the ether (or, 


what is equivalent and opposite, the “ether wind” moving past the earth) 
by comparing light waves traveling in two perpendicular directions. 

To better understand the Michelson-Morley scheme, let us first 
apply the same ideas on more familiar ground. Figure 13-1A shows a 
ferry connecting the ends of a road, opposite each other across a river, a 
distance d apart. Let us assume that the ferry moves through the water 
at a speed c. If the water were quite still, with no current in the river, 
it would be easy to calculate the time needed to cross the river from 
A to C and back again: t = 2d/c. To go d meters downstream and back 
(with no river current) would require the same ¢ = 2d/c. But if the river 
is flowing, as indicated, with a current speed v, matters are a little more 
complicated. 

Let us first have the ferry go downstream a distance d, and then 
return, Downstream, its speed will be c + v, and the time needed is fp = 


FIG. 13-1 To travel FIG. 13-1(B) 
directly across a flowing 

stream, you must steer 

upstream to compensate 

for the drift of the current. 


ec V $ 


- d/(c + v). Returning, the speed of the river current must be subtracted, 
to give tz = d/(c — v). The total time is then 


i er d _ dc — v) + d(c + v) 
fuas fc DE E uM. oup (c + v) x (c — v) 
- dc — dv * dc dv _ _2de 

(c + vc — v) £: 

Ero xcu LI, 

A — vie) c. 1— vc 


Thus, for the trip downstream and back (or upstream and back—the 
results would be the same) the still-water time 2d/c must be multiplied 
by the fraction shown. 

What of the cross-stream trip from A to C and back to A? If the ferry 
heads from 4 directly toward C, the current will carry him downstream. 
To reach C from A he must steer toward a point upstream from C; the 
current will then sweep him downstream enough to put him directly on 
target. Figure 13-1B shows the velocity vectors involved. To the vector C, 
his velocity through the water, we must add v, the velocity of the current. 
Their resultant R will give his actual velocity, yc? — v?, directed exactly 
toward C. We can now find the time needed for this cross-stream round 
trip: 

2d 2d 
kx = —— = ————— 
c-—w Ve(l — vic?) 
2d 1 
=x 


e xXlI— vlc 


This is the same as the expression for the up-and-down-stream time, 
except that the denominator of the multiplying fraction nów has a square 
root sign on it. 

For a numerical example, let us choose a river 150 m wide; the speed 
of the ferry through the water is 6 m/s, and the river current is 3 m/s. 


2d 2x 150 


t (no current) = = = ———— = 50s. 
à c 6 
1 50 
typ (up-and-down) = 50 x ———— = — = 66.7 s. 
Es ) 1- 9B6 075 à 
tyx (cross-stream) = ue cur 57.7 s. 
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In principle (and with the use of more algebra than it would be 
convenient to include here), if we could measure the difference between 
the up-and-down-stream time, and the cross-stream time, we could use 
this difference to calculate v, the speed of the river current. 

This is exactly the scheme that Michelson proposed in order to measure 
the velocity of the earth through the supposed ether, which was not 
accessible to more direct methods. We need only to use as c the speed of 
light through the ether, measured to be very nearly 3 x 105 m/s; v will 
represent the velocity of the earth through the ether—or, rather, the 
equal and opposite velocity with which the ether streams past the earth. 
Figure 13-2 is a schematic sketch of the apparatus used by Michelson 
and Morley. A light beam from a source S falls on the glass plate P, 
which is covered with a thin semitransparent layer of silver which reflects 
half of the beam in the direction of the mirror M;, and allows half to 
pass through and continue on to mirror M;. After being reflected by the 
mirrors the beams return to plate P. Half of the first beam (from M) 
penetrates the thin silver coating and continues on to the observer's 
telescope T; half of the second beam (from M,) is reflected into T by the 
silver coating. If Fig. 13-2 were correct in representing the “ether wind," 
the M, beam represents the cross-stream trip, and the M; beam, the 


FIG.13-2 Michelson's apparatus for trying to measure the speed of the earth's motion 
through the ether. Instruments were mounted on a heavy stone plate floating on mercury 
to avoid vibration and warping when the apparatus was rotated. 


226 
The Special Theory 
of Relativity 


up-and-down-stream trip. Using light instead of a ferryboat, how much 
time difference could we expect? 

Michelson's and Morley's apparatus was actually a little more 
complicated than Fig. 13-2 indicates. Auxiliary mirrors reflected the 
beam back and forth several times between P and M,, and between 
P and M5, so that the total travel was equivalent to about 10 m down- 
stream and. 10 m back, and an equal 20 m total across the stream and 
back. For a stationary earth with no "ether wind," the time for either 
trip would be 

20m 


po ccc ie 5.7» 10r s; 
3 x 108 m/s 


The earth's speed in its orbit is very nearly 30 km/s; the speed of light 
is 3 x 10° km/s. From these values for v and c, we can figure the value 
of the fraction 1/(1 — v?/c?): 


1 1 
1—95»x1049x 1019? T — 10-8" 


This fraction is impossible to evaluate on a slide rule, or even on most 
calculators, and the division would be a long and dreary long-hand job. 
So let us make use of a very convenient approximation: 

If a is much smaller than 1, 


SEE ag and d 
l-a l+a 


xl-a. 


The smaller « is, the more accurate this approximation. In our fraction, 
a = 1075, and the result will be very accurate indeed. 


1 
ps a(n 
1 — 1075 
Thus we have that the increase in time required for the beam to go down- 
stream and back in the ether wind is 


Atyp = 6.7 x 107? x 1078 = 6.7 x 10716 s, 


For the cross-stream beam, the multiplying factor is Uv 1 = vje? = 


1//1 — 10-5. How do we find the square root of 099999999? Here 
again we can use a very accurate approximation: 
If « is much smaller than 1, 


Vl—«41-—4e« and V/l-xa14 je. 
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Using this approximation, we get 
JÀ1-105-21—-4x10*-1-5x105, 


And as before, 


1 


rues moro S es 


So the increase in time for the cross-stream beam is 


Atyx = 6.7 x 1078 x 5 x 107? = 335 x 1076s. i 
The time difference between the up-and-downstream and the cross- ^ 
stream trips is thus 6.7 x 10716 — 335 x 107!* = 335 x 107!^ s. ` 
Michelson carefully rotated his apparatus through 90°, so that the paths 
of the two beams were reversed. This would double the time difference, 
to give him a difference of 6.7 x 1075 s between the two positions of 
his rotated apparatus. 

This is a very short time difference to try to measure, The best modern 
oscilloscopes do well to directly measure time intervals a million times 
larger; and in Michelson's day such instruments had not yet even been 
imagined. So again Michelson had to make use of an indirect method. 

Figure 8-14 on p. 148 showed light and dark bands on a screen, 
resulting from their differing distances from a pair of slits. In the Michel- 
son apparatus, similar differing distances result from the different cross- 
stream and up-and-downstream paths, The observer sees an interference 
pattern that he could expect to shift, or change position, as the stone 
table rotated. 

Our calculated time difference was 6.7 x 107 !* seconds; at the light- 
speed of c = 3 x 10!? cm/s, this corresponds to a path difference of 
6.7 x 107!5 x 3 x 101? = 2 x 1075 cm. This is about 0.4 of the 
wavelength of visible light, and should cause an easily observable and 
readily measurable shift in the interference pattern. 

However, to Michelson's great surprise, no change in the interference 
pattern could be detected as he rotated his apparatus, This could of 
course be explained, if by a strange coincidence the earth happened at 
that time to be stationary with respect to the ether. Figure 13-3A shows 
how this might occur, if the whole solar system were moving through the 
ether in just the right direction, at a speed equal to the earth’s orbital 
speed. If this were the case, then six months later (Fig. 13-3B) the earth 
should be moving through the ether at 60 km/s, to produce a shift twice 
as large as that calculated above. But six months later, Michelson could 
still detect no change in the interference pattern as his apparatus was , 
rotated. Over the years, hundreds of other experiments, in dozens of 
variations, have been performed, with increasingly precise instruments. ~ 
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Ether Wind 
A 30 km/sec. B 


FIG. 13-3 The expected velocity of the earth with reference to the hypothetical ether 
would change by 60 km/s in six months. 


The net result—nothing! It was as though the earth always had zero 
speed through the ether—or that the speed of light relative to the observer 
was always the same 3 x 10'? cm/s, no matter what his velocity. 

It was suggested that the earth might drag along with it a surrounding 
volume of ether—but it was shown that this would cause changes in the 
apparent directions of stars, which were not observed. The Irish physicist 
G. F. Fitzgerald, and the Dutch physicist H. A. Lorentz both indepen- 
dently suggested that all material bodies (such as metersticks, or Michel- 
son's apparatus) contracted in the direction of their motion through the 
ether by a factor of ¥1 — v?/c?. This would of course always shorten 
whichever leg of the apparatus was in the up-and-downstream position, 
just enough to make the time difference zero and explain the absence of 
shifts in the interference pattern. The circular stone float on which the 
apparatus was mounted would become elliptical, with the short axis of 
the ellipse in the direction of the motion through the ether. This distortion 
would not be measurable, because a meterstick or any other measuring 
device would be equally shortened. 

Lorentz, in 1904, tried to explain this hypothetical contraction in 
terms of the electric and magnetic forces between atoms moving through 
the ether. This, and other similar work, however, never led to a satis- 
factory explanation. 


In 1905, Albert Einstein, then 26 years old (Fig. 13-4), had been unable 
to find a job teaching in any of the German schools, and was employed 
as a patent clerk in Zurich. At that time, Einstein developed a very 
fundamental theory from the foundations of two postulates: 


1. The basic laws of physics are the same for all unaccelerated observers. 
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FIG. 13-4 Albert Einstein at the age of twenty-six, when his first revolutionary paper 
on Special Relativity was published. 


This includes the laws of electricity, magnetism, optics, etc., as well as 

those of mechanics. This postulate means that there is no meaning in the 

idea of an absolute velocity, such as that with reference to an imaginary 

*ether," that Michelson had tried to measure. Only the relative motion 

of one body with respect to another has any significance. As Einstein 

stated it, the introduction of an ether is superfluous. Since the theory 

was restricted to unaccelerated observers, it has been called the "'restric- ` 
ted" or “special” theory of relativity- 


2. The speed of light (in empty space) is the same for all observers, no 
matter what their velocity or what the velocity of the source of the light. 


Thus, instead of trying to explain away the negative results of the 
Michelson-Morley experiments, this postulate accepts them at their 
apparent face value. 


This second postulate is probably the more difficult one to accept. 
If our subconscious minds still picture some sort of an ether or other 
“absolute” space through which light waves are transmitted, and we are 
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moving through it with a velocity v toward a light source, it seems 
incredible that we should not have » 4- c for the speed of light. But no— 
it appears that when we add these velocities,» + c = c. On theother hand, 
if we reject the ether and picture light as some sort of a wave-like 
projectile emitted from a source approaching us (or we, approaching the 
source) with a velocity v, it is again incredible that we should not measure 
the speed of light to be v + c. Again, it seems that v + ¢ = c. 

But this, apparently, is the way the world is, and we must make the 
best of it. Velocity involves a combination of distance and time; and for 
any observer, velocity (as he measures it) must be equal to distance 
(as he measures it) divided by time (as he measures it). If this is true, and 
if the speed of light is the same c for all observers, then a number of 
apparently strange results necessarily follow. They can all be demon- 
strated with only straightforward simple algebra. Because a great deal of 
algebra is required, however, we will not try to lead the reader through it. 


Imagine an observer O who considers himself to be stationary, as he 
has every right to do. He sees, passing by in the air, a spaceship-labora- 
tory traveling with a velocity » relative to the observer. Through its 
Jarge windows, O sees an experimenter carrying out some simple labora- 
tory procedures in mechanics. He is equipped with standard masses 
plainly marked “1 kg," “100 g," etc.; metersticks; and a fine clock 
on the wall. The name of the manufacturer is visible on all this equip- 
ment, and O has no reason to believe they are not proper standards, 
as marked. ; 

Observer O, however, with his own ingenious equipment (and making 
proper allowance for the speed of light as it moves to him from the trav- 
eler) discovers the following: 

O's measurements show that all the traveler’s metersticks are too short: 
instead of 1 meter, they are only V1 — (v?/c?) meter long. 

O finds the traveler's clock is running slow: a period of 1 minute by the 
traveler's clock is actually IJV. 1. — (v/c?) minute by the stationary clock 
in O's laboratory. 

After watching some experiments, O comes to the further conclusion 
that the traveling kilograms are more massive than they are labeled: their 
actual masses are 1//1 — (v?]c?) kg. 

In all fairness, it should be noted that the spaceship experimenter has 
been closely observing what goes on in O's lab, and comes to exactly the 
same conclusions: that O's metersticks are too short by the same factor, 
that O's clock is running slow, and that O's kilograms are really more 
massive than they are marked to be. 

That each of these experimenters came to exactly the same conclusion 
about the other is just what we should have expected; the relative 
velocity between the two is what makes the difference, and this is the 
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same for both. (Remember that O, presumably on the earth, who chose 
to. consider himself stationary, was actually spinning several hundred 
miles per hour with the daily rotation of the earth, about 60,000 mi/hr 
in his orbiting around the sun, and at about 600,000 mi/hr in the solar 
system's revolution about the center of our Milky Way Galaxy!) 

This little fable is not one that could ever be carried out in actuality. 
But many pieces of it have been observed to be true, and there is 
probably nothing in modern science more firmly established than Ein- ' 
Stein's Special Theory of Relativity. In later sections on nuclear physics, 
we shall see much of the evidence. 

What is true for metersticks and clocks and mass standards is of 
course true for all lengths and time intervals and masses aboard any 
speeding traveler. At ordinary everyday speeds these relativistic changes 
are too small to be measurable. As an example, let us calculate a few 
things about an artificial satellite circling the earth at a speed of 11 
km/s = 1.1 x 10° cm/s. Its rest mass Mo (i.e., its mass as measured 
when stationary with respect to the measurer) is, say, exactly 1000 kg, 
and its rest length ⁄ is exactly 5 m. Relativity shows us that a stationary 
earthly observer would measure its mass and length as 


m 
l= h x VI = (ae). 
Thus, while the satellite is circling, we would measure its mass (by any 
means we can imagine) to be 
10? 10° 


1 —— m 
X1 — (1.1 x 106/3 x 1010)? "A = 1.4 x 107° 


cuc IL Mx 5-07 X10: 1000 4 0.7 x 1075 kg. 
1—07 x 107? i 


The measured increase in mass is thus only 0.7 x 107° kg, or 0.7 mg, an 
amount certainly not practically measurable for a I-ton object. j 
The length of the satellite, as we would measure it, will prove out in 


the same way 
“L= IgV 1 — jc?) 
= 5 x (1—7 x 107") 
= 5- 3.5 x 107° m. 
i | “9m = 3.5 x 
shortening would thus turn out to be only 3.5 x 107° m : 

ee pd À, or about 1 percent of the wavelength of ultraviolet 
light! 
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If there were an accurate clock in this satellite, accurately set before 
it took off, how far off would this clock be when the satellite returned 
safely to earth circling for, say, 10 days? From our point of view here 
on earth, the traveling clock will be running slów by a factor of 
V1 = @ Je) = 1 — 7 x 1079. In 10 days there are 10 x 24 x 60 x 
60 — 8.64 x 105 s. The time interval recorded by the satellite clock 
would then be 

12 864 x 10°11 — 7 x 10719) 


= 8.64 x 105 — 6 x 107* s. 
That is, it would be slow (according to our stay-at-home standards) 


by only 6 x 107*'s. 
Figure 13-5 pictures an addition of velocities that our common sense 


. tells us must be right. The Jeep is moving forward at velocity v; the 


hunter fires forward, the muzzle velocity of the bullet being V. We would 
have no hesitation in-saying the total speed of the bullet (measured with 
reference to the ground) is V + v. When he fires from the rear of the 
Jeep, the ground velocity of the bullet would similarly be expected to be 
V — v. 

But this is not quite the case. If we work from the apparent changes 
in length and time that we measure in a moving body, we find that the 


FIG.13-5 The velocity of a bullet is affected by the motion of its source almost as we 
would expect to to be. 


ee 
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speed of the forward-fired bullet, measured from the ground, is not 
V + v, but 


V+o 
l Voc? 


where c is as usual the speed of light, measured by any observer. Ordinarily 
Volc? is so small that the difference would not be measurable. As an 
example, consider an orbiting laboratory circling the earth at a speed of 
7.5 x 10° cm/s (over 16,000 mi/hr). The laboratory fires an experimental 
projectile forward with a speed (relative to the laboratory) of 7.5 x 105 
an We then have for the speed of the projectile measured from the 
earth: 


7.5 x 105 + 7.5 x 105 15 x 10° 


1475x105 x 7.5 x 105/(3 x 101%)? 14625 x 10-1? 
= 15 x 10*(1 — 625 x 10719) 
215 x 105 — 9.4 x 107^ cm/s. 


Our intuitive, commonsense answer of 15 x 105 cm/s is too large, but 
we are off by less than a hundredth of a millimeter per second! j 

Nuclear and atomic physicists, and cosmologists, however, regularly 
deal with velocities approaching c, and for them the relativistic outlook is 
necessary. If, instead of the orbiting laboratory, we take a spaceship 
traveling at 0.9c that fires its projectile forward at 0.8c, we find for the 
velocity of the projectile, not 1,7 c, but instead: ~ 


uiae TOS ee coa Tele 0 988g 
14 09cx OBc? 1-072 


No matter how much we add velocities, we cannot exceed c, the speed of 
light, which thus appears to be an automatically enforced speed limit. 
In an earlier section we put down v + c = c, which at the time seemed 
a little unbelievable. Let us try it: 


CFI OE 


1 + cole? d ve 


If we now multiply numerator and denominator by c, we have 


(C+v xe. 
ctv 


[2 


again enforcing the speed limit. 
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Perhaps the most important consequence of the Special Theory of - 
Relativity is one that has not yet been mentioned. Einstein's famous  — 
equation 


E = mc 


has been widely publicized in many ways, and there are few people 
who cannot recall at least having seen it somewhere. Its application 
has helped shape the modern world and will no doubt have an equally 
powerful effect on the future. 

Our hypothetical observer O, in calculating from the data observed 
in the passing spaceship, will be unable to reconcile his observations 
with the laws of conservation of energy and conservation of momentum 
unless he adds another item to his list. This item is Einstein's E = mc?, 
which basically says merely that energy has mass. Although the deriva- 
tion in Einstein's original work referred only to kinetic energy, Einstein 
assumed that the relationship must also apply to energy of all kinds. 
Later experiments have proved him to be right. We now know. that not 
only does energy have mass, but that energy can be converted into mass 
and mass can be converted into energy. 

In the equation, c? (the square of the speed of light) is a very large 
number, which means that a small amount of mass corresponds to a 
large amount of energy. In the CGS system (c = 3 x 10'° cm/s), 
one gram of' mass is interchangeable with 9 x 107? ergs of energy. In 
the MKS system, one kilogram of mass is interconvertible with 9 x 10!$ 
joules of energy. 

Because of the large value of the proportionality constant c?, the mass 
of ordinary amounts of energy is usually very small. If we burn a kilo- 
gram of propane (i.e., combine the propane with oxygen to form water 
vapor and carbon dioxide gas), the heat produced and conducted or 
radiated away is about 5 x 10" J. This energy has a mass we can calculate 
from E = mc?^; using c = 3 x 10° m/s, 


5x10 = m x (3x 10)? = 9 x 10!5m 


1:50 107 


= 9 x 10% = 5.6 x 107'° kg 


m 
= 0.6 ug. 


Thus, the water and carbon dioxide formed have a combined mass 
that would be 0.6 jig less than that of the propane and oxygen that com- 
bined to produce them. This is so unmeasurably small a difference that 
the chemists are quite correct, from a practical standpoint, in emphasizing 
the conservation of mass in their reactions. 

On the other hand, when a certain amount of mass is transformed into 
energy, the situation is reversed (we now multiply mass by c°), and we 
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13-5 
Space-Time 
Transformation 


obtain a great deal of energy from a very small mass change. Th for 
example, the uranium core of the first atomic bomb lost Suiv abo 
1 g of its original mass in the course of its transformation into fission 
products. Being turned into energy, this gram of mass produced an effect 
equivalent to the explosion of 20,000 tons (20 kilotons) of TNT. 


Einstein's new laws clearly contradict the classical (commonsense) 
ideas concerning space and time, so that in accepting these new laws 
as experimental fact, we are forced to introduce radical changes in our 
old notions. In his Principia, the great Newton wrote: 


I. Absolute, true and mathematical time, of itself, and from its own 
nature, flows equably without relation to anything external. 

II. Absolute space, in its own nature, without relation to anything exter- 
nal, remains always similar and immovable. 


According to Einstein's views, however, space and time are more 
intimately connected with one another than it was supposed before, and, 
within certain limits, the notion of space may be interchanged with the 
notion of time, and vice versa, To make this statement clearer, let 
us consider a railroad passenger having his meal in the dining car. The 
waiter serving him will know that the passenger ate his soup, steak, 
and dessert in the same place, i.e., at the same table in the car, But, 
from the point of view of a person on the ground, the same passenger 
consumed the three courses at points along the track separated by many 
miles (Fig. 13-6A, B, and C), Thus we can make the following trivial 
statement: Events occurring in the same place but at different times in 
a moving system will be considered by a ground observer as occurring 
at different places. 

Now, following Einstein's idea concerning the reciprocity of space and 
time, let us replace in the above statement the word "place" by the word 
“time” and vice versa. The statement will now read; Events occurring 
at the same time but in different places in a moving system will be con- 
sidered by a ground observer as occurring at different times. 

This statement is far from being trivial and means that if, for example, 
two passengers at the far ends of the diner had their after-dinner cigars 
lighted simultaneously from the point of view of the dining-car steward, 
the person standing on the ground will insist that the two cigars were 
lighted at different times (Fig. 13-6D and E). Since, according to the 
principle of relativity, neither of the two systems should be 
preferred to the other (the train moves relative to the ground or the 
ground moves relative to the train), we do not have any reason to take 
the steward's impression as being true and the ground observer's impres- 
sion as being wrong, or vice versa. 


FIG. 13-6 Events that occur at the same place on a moving railway car will occur at 
different locations as observed from the ground (A, B, and C). Events that occur simul- 
taneously to an observer on the moving car will appear to take place at different times 
to an observer on the ground (D and E). 


Why, then, do we consider the transformation of the time interval 
(between the soup and the dessert) into the space interval (the distance 
along the track) as quite natural and the transformation of the space 
interval (the distance between the two passengers having their cigars 
lit) into the time interval (between these two events as observed from the 
track) as paradoxical and very unusual? The reason lies in the fact that 
in our everyday life we are accustomed to velocities that lie in the lowest 
brackets of all the physically possible velocities extending from zero to 
the velocity of light. A race horse can hardly do better than about one 
millionth of a percent of this upper limit of all possible velocities, and 
a modern supersonic jet plane makes, at best, 0.0003 percent of it. In | 
comparing space and time intervals, i.e., distances and durations, it is 
rational to choose the units in which the limiting velocity of light is 
taken to be 1. Thus, if we choose a "year" as the unit of duration, the 
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237 . corresponding unit of length will be a light-year, or 10,000,000,000,000 
Jaen Theory km, and if we choose a “kilometer” as the unit of length, the unit 
Pedo of time will be 0.000003 s, which is the time interval necessary for light 
to cover the distance of 1 km. We notice that whenever we choose one 
unit in a "reasonable" way (a year or a kilometer), the other unit 
comes out either too large (a light-year) or too short (3 microseconds) 
from the point of view of our everyday experience. So, in the case of the 
passenger eating his dinner on the train, a half-hour interval between 
the soup and the dessert could result in 200,000,000 mi of distance along 
the track (time x c) if the train were moving at a speed close to that of 
light, and we are not surprised that the actual difference is only 20 or 
30 mi. On the other hand, the distance of, let us say, 30 m between two 
passengers lighting their cigars at opposite ends of the railroad car 
translates into a time interval of only one hundred-millionth of a second 
(distance + c), and there is no wonder that this not apparent to our 
senses. x 
The transformation of time intervals into space intervals and vice 
versa can be given a simple geometrical interpretation, as was first done 
by the German mathematician H. Minkowski, one of the early followers 
of Einstein's revolutionary ideas. Minkowski proposed that time or 
duration be considered as the fourth dimension supplementing the three 
spatial dimensions and that the transformation from one system of 
reference to another be considered as a rotation of coordinate systems 
in this four-dimensional space. Figure 13-7 uses one space axis (the direc- 
tion of the train's motion) and the time axis. It does not follow Minkow- 
ski’s more complex scheme, and does not lead to correct answers if 


FIG. 13-7 The difference in space and time separations between events, as interpreted 
by observers moving relative to one another. 
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followed in detail, but it does serve to present the basic idea of the inter- 
relationship of space and time. From the point of view of the observer 
on the train, the time interval between the two cigar lightings is zero, 
and they are separated in space by the length of the dining car AB. 
To the observer on the ground, there will be a time interval CD between 
the two lightings, and they will also appear to be separated by a shorter 
distance EF. To the train observer, both the soup and the dessert will 
be eaten in the same place and will be separated by the time interval GH. 
The observer watching from the ground, however, will not agree. He 
will, of course, say they were eaten in quite different places (ZJ) and will 
contend that the time interval between them (KL) is shorter than the 
train observer says. 

We see from these diagrams that the appearance of a time interval 
between two events that were simultaneous in the first system of refer- 
ence is connected with a shortening of the apparent distance between 
them as seen from the second system of reference, and vice versa; the 
appearance of'a space interval between two events that were occurring 
in the same place in the first system shortens the apparent time interval 
between them as observed from the second. The first fact gives the cor- 
rect interpretation of the apparent Fitzgerald's contraction of the mov- 
ing bodies, and the second makes the time in a moving system- flow 
slower from the point of view of the second system. Of course, both 
effects are relative, and each of the two observers moving with respect 
to one another will measure the other one to be somewhat flattened in 
the direction of his motion and will consider the other fellow's watch to 
be slow. 


` Because these effects become appreciable only when the velocities 


involved are close to that of light, we do not notice them at all in our 
everyday snail's-pace life. But we can imagine a fictitious situation that 
would arise if the velocity of light were much smaller and closer to 
our everyday experience. This is what happened to Mr. Cyril George 
Henry Tompkins, who after listening to a popular lecture on the theory 
of relativity, was transferred, in his dream, to a fantastic city in which the 
velocity of light was only 20 miles per hour and served as the natural 
speed limit for its inhabitants.* 


At first, when he found himself on the street of this relativistic city, 
nothing unusual seemed to be happening around him; even a policeman 
standing on the opposite corner looked as policemen usually do. The 
hands of the big clock on the tower down the street were pointing almost 


ipsa ET Asi iii zie c DR Ee a Li a Aro ST MNA eee 


* From G. Gamow, Mr. Tompkins in Wonderland (Cambridge: Cambridge University 
Press, 1939), by permission of the publishers. Certain slight modifications have been made 
in order to place Mr. Tompkins' dream city in America rather than in England. 


239 
The Special Theory 
of Relativity 


FIG. 13-8. The bicyclist seemed to be unbelievably flattened. 


to noon and the streets were nearly empty. A single cyclist was coming 
slowly down the street and, as he approached, Mr. Tompkins’ eyes opened 
wide with astonishment. For the bicycle and the young man on it were 
unbelievably flattened in the direction of the motion, as if seen through a 
cylindrical lens (Fig. 13-8). The clock on the tower struck twelve, and the 
cyclist, evidently in a hurry, stepped harder on the pedals. Mr. Tompkins 


` didnot notice that he gained much in speed, but, as the result of his effort, 


he flattened still more and went down the street looking exactly like 
a picture cut out of cardboard. Mr. Tompkins felt very proud because he 
could understand what was happening to the cyclist—it was simply the 
contraction of moving bodies. “Evidently nature’s speed limit is quite low 
here,” thought Mr. Tompkins, “that is why the policeman on the corner 
looks so lazy; he need not watch for speeders.” In fact, a taxi moving 
along the street at the moment and making all the noise in the world could 
not do much better than the cyclist, and was just crawling along. Mr. 
Tompkins decided to overtake the cyclist, who looked a good sort of 
fellow, and ask him all about it. Making sure that the policeman was 
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FIG. 13-9 As he speeded up, the city blocks became quite short. 


looking the other way, he borrowed somebody's bicycle standing near the 
curb and sped down the street. He expected that he would be immediately 
flattened and was very happy about it as his increasing figure had lately 
caused him some anxiety. To his great surprise, however, nothing 
happened to him or to his cycle. On the other hand, the picture around 
him completely changed. The streets grew shorter, the windows of the 
shops began to look like narrow slits, and the policeman on the corner 
became the thinnest man he had ever seen (Fig. 13-9). 

“By Jove!" exclaimed Mr. Tompkins excitedly, “I see the trick now. 
This is where the word relativity comes in. Everything that moves relative 
to me gets shorter for me, whoever works the pedals!” He was a good 
cyclist and was doing his best to overtake the young man. But he found 
that it was not at all easy to get up speed on this bicycle. Although he was 
working on the pedals as hard as he possibly could, the increase in speed 
was almost negligible. His legs already began to ache, but still he could 
not manage to pass a lamp post on the corner much faster than when he 
started. It looked as if all his efforts to move faster were leading to no 
result. He understood now very well why the cyclist and the cab he had 
just met could not do any better, and he remembered the words in the 
book on relativity which he had read. It was stated that it is impossible to 
surpass the limiting velocity of light. He noticed, however, that the city 
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when they had been riding side by side for a moment, was surprised 
see that he was quite a normal, Se a i UN "Oh thee 
must be because we do not move relative to each other,” he concluded; 
and he addressed the young man. ^ pies: 

“Excuse me, sir!" he said, “Don't you find it inconvenient to live in a 
city with such a slow speed limit?" ^ ^ (a 

"Speed limit?" returned the other iii surprise, “we don't have any 
speed limit here. I can get anywhere as fast as I wish, or at least I could if 
I had a motorcycle instead of this good-for-nothing old bike!” 

“But you were moving very slowly when you passed me a moment 
ago,” said Mr. Tompkins. “I noticed you particularly.” 

“Oh you did, did you?” said the young man, evidently offended. “I 
suppose you haven't noticed that since you first addressed me we have 
passed five blocks. Isn't that fast enough for you?” 

"But the blocks became so short,” argued Mr. Tompkins, 

“What difference does it make, anyway, whether we move faster or 
whether the blocks become shorter? have to go ten blocks to get to the 
Post office, and if I step harder on the pedals, the blocks become shorter 
and I get there quicker. In fact, here we are,” said the young man, getting 
off his bike. al indien 

Mr. Tompkins looked at the post office clocky which showed half-past 
twelve. “Well!” he remarked triumphantly, ''it. took you half an hour to 
80 this ten blocks, anyhow—when I saw you first it was exactly noon!” 

“And did you notice this half hour?” asked his companion, Mr. 
Tompkins had to agree that it had really seemed to him only a few minutes, 
Moreover, looking at his wrist watch he saw that it was showing only five 
minutes past twelve. "Oh!" he said, “is this post office clock fast?" "Of 
course it is, or your watch is too slow, just because you have been going 
too fast. What's the matter with you anyway? Did you fall down from 
the moon?" and the young man went into the post office, 

Continuing his journey down the street he finally saw the railway 
station. A gentleman obviously ín his forties got out of the train and began 
to move toward the exit.-He was met by a; very old lady, who, to Mr. 
Tompkins’ great surprise, addressed him, as "dear Grandfather.” This 
was too much for Mr. Tompkins, Under the excuse of helping with the 
luggage, he started a conversation. iiy 

“Excuse me, if I am intruding into your family affairs," said he, “but 
are you really the grandfather of this nice old lady? You see, I am a 
stranger here, and I never . . ."" “Oh, I see," said the gentleman, smiling 
through his moustache. “I suppose you are taking me for the Wandering 
Jew or something. But the thing is really quite simple. My business 
requires me to travel quite a lot, and, as I spend most of my life in the 
train, I naturally grow old much more slowly than my relatives living in 
the city. I am so glad that I came back in time to see my dear little 
granddaughter still alive! But excuse me, please, I have to help her into 
the taxi," and he hurried away, leaving Mr. Tompkins alone again with 
his problems. - 
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The Appearance 
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In the Tompkins story, the relation between the young grandfather 
and his old granddaughter is, of course, grossly exaggerated, but the 
fact is that, according to Einstein's theory, such a difference in aging 
is really expected to occur in the case of relative motion. Thus, if some- 
time in the future a spaceship were to take off from the surface of the 
earth to visit other planets of the solar system, or maybe the planetary 
systems of other stars of the Milky Way, the pilot and the passengers 
would be relatively younger upon their return than the people of the 
same original age who had stayed on the earth. This difference might 
become quite conspicuous if the spaceship were accelerated to velocities 
close to the velocity of light. It is well-known, however, that human 
organisms cannot stand strong accelerations and that pilots suffer black- 
out when their plane makes several g’s (g = 980 cm/s? being the nor- 
mal acceleration of gravity on the surface of the earth). If we assume that 
the spaceship is traveling with the comfortable acceleration of 1 g, 
we find that it takes about a year to approach the velocity of light, when 
relativistic changes of time rate begin to play any role. (Since a year 
contains about 3 x 107 s, the acceleration of 980 cm/s? will raise 
the velocity to 98 percent of the speed of light.) For accelerated space 
trips that last well beyond 1 yr, such as a trip to the nearby star Sirius, 
which is 8 light-years away, relativistic time changes begin to be quite 
appreciable. From the point of view of the inhabitants of the earth, 
the crew of a ship making a round trip to this star comes back just 16 yr 
after the departure; for the crew itself, these 16 yr will seem only as 9 yr. 
If, instead of to a nearby star, the spaceship travels with constant accel- 
eration to the center of our own stellar system of the Milky Way and 
back, it will return 40,000 yr later by the earth’s calendar; whereas by 
its own time reckoning, the trip will take only 30 yr. 

Earlier in this chapter, however, it was said that each observer would 
think the clock of the other one was slow. Why, then, could we not 
equally well argue that when he landed, the traveler would find that the 
earth clocks were slow and the error would be the other way? To help 
resolve this argument, we can note that the two are not exactly equiva- 
lent. Earth has been virtually unaccelerated all the time; the satellite 
has undergone a takeoff acceleration, a turnaround acceleration, and a 
landing deceleration. There have been arguments over this question for 
many years, but now almost all relativists agree that the satellite clock 
would come back reading slow relative to the unaccelerated earth clock. 
The traveler to Sirius and back would return younger than his twin 
brother who stayed at home. 


It is not possible for any of us to actually grasp or have a clear mental 
picture of the speed of light, 3 x 10!? cm/s or 186,000 mi/s. The 
Tompkins story has the great advantage of reducing the speed of light 
to 20 mi/hr, which is something our experience qualifies us to deal with. 
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FIG. 13-10 Appearance of a moving block. The observer will not see the actual measured 
shortening; the block will instead appear to be rotated. 


But the story does also have a major defect. It was written in 1939, 
and it was not until 20 years later than any relativist had considered what 
we would actually see if some familiar object were to whiz by at a very 
high speed. In 1959, Prof. J. L. Terrell published in the Physical Review 
an analysis of how such fast-moving objects would appear.* 

Figure 13-10A shows the top view of a rectangular block ABCD 


* Also see V. L. Weisskopf, “The Visual Appearance of Rapidly Moving Objects,” 
Physics Today, 13 (1960), 24. 
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moving from left to right at a speed v = 4c, together with an observer. 
If the block were stationary, the observer would see it as shown in 
Fig. 13-10B. Now, if the block were moving from left to right at two- 
thirds the speed of light, we know that the observer would conclude 
that all dimensions in the direction of motion would be reduced to three- 
quarters of their stationary values. We might therefore assume (as did all 
the early relativists) that the moving block would appear as shown in Fig. 
13-10C: it has merely been shortened in its direction of motion. This is 
the assumption on which the artist based Figs. 13-8 and 13-9. No matter 
what Mr. Tompkins might figure about the cyclist and the policeman, 
however, what he would actually see is something quite different. 

Imagine a ray of light starting toward the observer from the back 
edge A when the block is in position 1. This ray could never reach the 
observer's eye if the block were stationary; but since it is moving at high 
speed, the results will be different. In some tiny fraction of a second, the 
light from A, heading toward the observer, would have reached point 
2 if the block were not in the way; during the same small time interval, 
the block would have indeed moved out of the way of the light to its 
second position on the drawing, leaving the ray unobstructed. After 
another small time interval, the light ray would have reached point 
3 and the block (now in its third position) obviously no longer threatens 
to obscure the light, which is now quite free to proceed on toward the 
observer’s eye. j 

Similarly, a ray from D, has a clear path to the observer from a sta- 
tionary block. When the block is moving at high speed, however, the ray 
can never get there. In the same small interval of time, light from D, 
on its way to the observer would have to have reached the point marked 
by the colored dot; by this time, though, the block would have moved to 
its second position, where it has clearly intercepted the ray and prevented 
it from ever reaching the observer. The observer of the moving block 
would thus not see edge D at all, and edge A would be clearly in view 
to the left of B. 

A. mathematical analysis (which we will not inflict on the reader) 
shows that the moving block would not appear to be shortened but would 
instead look as though it had been rotated, as in Fig. 13-10D. Funda- 
mentally, of course, the cause of this illusion is that light rays that 
arrive simultaneously at the observer's eye left the moving block at 
different times. The ray from A, for example, has farther to go than the 
ray from C and must therefore have started from the block earlier, when 
it had not yet moved so far to the right. 

The calculations can be done in reverse too; if the observer (who sees 
something like Fig. 13-10D) were to make all the proper allowances for 
the motion of the block and the differing distances to its various edges, he 
would finally conclude that the light had emanated from a shortened 
block such as that in Fig. 13-10C. That is, if he figured back from his 
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observations, he would in this way measure the block to be only 0.75 as 
long as its stationary length. 

Thus Mr. Tompkins would actually see a cyclist and a policeman 
of perfectly normal proportions, who would merely appear to be con- 
siderably rotated from their actual positions. Figures 13-8 and 13-9 
are really all right after all—except that they do not portray what Mr. 
Tompkins would see, but rather what he could calculate about what he 
observed. The astonished expression on his face is still quite justifiable! 


Questions 


1. A boat that moves at 12 m/sec on still water is on a river whose current 
flows at 6 m/sec; the river is 3 km wide. (a) How long will it take the boat to 
cross the river and return? (b) How long will it take it to go 3 km upstream 
and return? f 

2. Consider a river 2 mi wide that flows 8 mi/hr, and a motorboat that travels 
at exactly 24 mi/hr. (a) How long will it take the boat to cross the river and 
return? (b) How long will it take it to go 2 mi downstream, and then back? 
3. Give good approximate evaluations for the following: (a) 1/1.018, (b) 1/0.996, 
(c) V 1.0036, (d) 4/0.988, (e) 1/v 1.00064. 

4, What are the values of the following, to a good approximation? (a) 1/0.9932, 
(b) 1/1.0026, (c) 0.9986, (d) 4/1.012, (e) 1/V0.978. 

5. Consider a "river" 45 m wide that flows with a current of 60 km/s, and a 
boat that moves through the water at 3 x 10* m/s. (a) How long will it take 
the boat to cross the river and return? (b) How long will it take the boat to 
go 45 m downstream and return? (c) What is the difference in time required 
for these two trips? 

6. Two identical airplanes, each with an airspeed of exactly 900 mi/hr, have a 
race on a day when the wind is blowing out of the north at 60 mi/hr. Plane A 
flies 300 mi south and returns; plane B flies 300 mi east and returns. Which 
one wins the race, and by how much? 

7. A spherical asteroid 10 km in diameter passes the earth with a relative 
velocity of 0.4c. What do astronomers measure its diameter to be in the 
direction of its motion? (This is a purely fictional asteroid—real ones have 
much smaller speeds.) 

8. Imagine a spaceship that has a speed of 0.6c relative to the earth. Its rest 
length is 100 m. What would we measure its-length to be as it passed by? 

9. Consider the asteroid of Question 7 to be moving at a more realistic 
relative velocity of 40 km/s. By how much would astronomers observe its 
diameter to be shortened in its direction of motion? 

10. Intercontinental planes will no doubt be traveling at 3600 km/hr in the 
near future. By how much would such a plane appear to be shortened, as 
observed from the ground? Take its rest length to be 150 m. 

41.A K* meson has an average lifetime of about 107* s. How fast must it 
be moving to increase this average lifetime by 50 percent? 


, 
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42. A free neutron (not in an atomic nucleus) has an average lifetime of 


- about 1000 s. How fast must a beam of neutrons be traveling for them to have 


a lifetime twice this long? 

43. By what fraction will the rest mass of a molecule be increased when it is 
in the 2500-m/s blast of a rocket exhaust? 

14. By what fraction is the mass of the earth increased (from the viewpoint 
of an observer stationary relative to the solar system) due to its 30 km/s orbital 
speed? What does this amount to, in metric tons? (m, = 6 x 107^ kg.) 

15. The rest mass of a proton is 1.67 x 107?" kg. What is our measure of 
the mass of a proton whose velocity is 0.9c? 

16. An electron has a rest mass of 9.11 x 107?! kg. What is our measure of 
the mass of an electron traveling at 0.99c? 

17. A beam of ions is shot from the nose of a spaceship at a speed of 0.9c. 
The ship is leaving the earth at 0.6c. What would earthly observers measure 
the speed of the ions to be? 

18. A future spaceship, receding from the earth at half the speed of light, 
fires from its nose a rocket that travels at half the speed of light with reference 
to the ship. With what speed does the rocket travel with reference to the earth? 
19. In Question 17, the ion beam is directed backward toward the earth. 
What is the speed of the beam, as observed by scientists on the earth? 

20. From the rear of the ship of Question 18, a ray of light is directed back- 
ward toward the earth. What will earthly observers find the speed of the light 
ray to be? (Here, v = —c.) 

21. If a block of iron (specific heat = 0.1 cal/g/°C) has a mass of exactly 
1000 kg at 0°C, by how much will its mass be increased when it is heated up 
to 100°C? 

22. (a) If 50 kg of water at 0°C is frozen into ice at 0°C, is the mass of the ice 
greater or less than the mass of the water? (b) By how much has the mass 
changed? 

23. The sun loses about 4 x 105 metric tons of mass per second by radiating 
the equivalent energy into space. What is the wattage of the sun? 

24. A nuclear reactor-powered generating plant produces electric power at 
an average rate of a million watts. The energy is produced by the conversion 
of the mass of the nuclear fuel. By how much will the mass of the fuel have 
been reduced at the end of a year? 


25. The mass of the solar system (by Earth measurement) is 1.97 x 10?? kg; 
the entire system is orbiting about the center of our Milky Way galaxy at a 
speed of nearly 300 km/s. (a) What is the KE of the solar system? (b) What is 
the mass of this much energy? (c) What is the relativistic increase in the solar 
system's mass as the result of its speed, judged by an observer stationary in 
the Galaxy? (d) Does this agree with your answer to part b? 

26. The earth's orbital speed is about 30 km/s. (See Question 14.) What is 
the earth's orbital KE (from KE = 3mv?)? What mass does this amount of 
energy correspond to? Does this agree with the answer to Question 14? 


27. To the cyclist of Question 28, how many feet long would a city block 
appear to be? 
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28. In Mr. Tompkin's city, how long a time (by his own watch) would it 
take a cyclist to go 3 mi at 15 mi/hr? (Distance measured by counting blocks, 
which are 16 per mile, measured on the ground.) 

29. In the year 2010, a traveler leaves Earth on an exploratory voyage at a 
speed of 0.99c. His own accurate clock-calendar tells him that his trip has 
lasted just 10 yr when he arrives back on Earth. What do the Earth calendars 
say the year is? p 
30. A space traveler is 30 yr old when he leaves to explore the galaxy on a 
ship traveling at 2.4 x 10° m/s. He returns 50 yr later (by Earth calendars). 
About how old does the traveler appear to be? 


14-1 
Acceleration 
and Gravity 


One of the basic postulates of Einstein's Special Theory of Relativity is 
that it is pointless to speak about absolute motion through space and 
that only the relative motion of one system with respect to another 
system can be considered as a physical reality. An observer enclosed 
inside a windowless vehicle moving with a constant velocity has no 
way of telling whether he is in a state of motion or at rest, no matter 
what kind of physical experiments (mechanical, optical, electric, or 
magnetic) he performs inside his enclosure in order to answer this 
question. 

But what about accelerated motion? When an airplane speeds up 
along the runway prior to the takeoff, you are pressed to the back of 
your seat, and it is not necessary to look through the window to know 
that you are subjected to an acceleration. If the flight is smooth, the 
conditions inside the airplane are exactly the same as if it were standing 
at the airport, but any accelerations caused by air currents in bad flying 
weather are certainly very noticeable to the passengers. Does this mean 
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FIG. 14-1 Events taking 
place in an unaccelerated 
rocket ship (A); and in 

an accelerated one 

(B and C). 


that, whereas one should not talk about absolute velocities, absolute 
accelerations have a definite physical meaning? 

This problem was attacked by Einstein about 10 years after his ori- 
ginal publication of the theory of relativity (now known as the Special 
Theory of Relativity), and its solution (published in 1916) resulted in 
further theoretical developments now known as the General Theory of 
Relativity. He showed that all the physical phenomena that are observed 
within an accelerated system are identical with those occurring in a resting 
system placed in a gravitational field. To understand this idea, let us 
consider events taking place in the passenger cabin of a rocket ship 
traveling through space, far away from any gravitating celestial bodies. 
(In his original paper, Einstein spoke about a box being accelerated 
through space by the pull of a rope attached to it.) If the rocket motors 
are shut off, the ship coasts freely through space with constant velocity, 
in accordance with Newton's first law. The travelers and all the objects 
in the ship are “weightless” and float about freely (Fig. 14-1A). 

Suppose now that the motors are started so that our rocket ship 
begins to gain speed. Since the velocity of the ship is now increasing, the 
things floating in the cabin will continue to move with the same velocity 
with which the ship was originally coasting through space, and they 
all will be collected at the rear wall of the cabin and pressed to it by the 
force of the acceleration (Fig. 14-1B). Realizing the situation, the travel- 
ers will rise to their feet and. will stand on the rear wall of the cabin 
as if it were the floor of their laboratory back on the earth (Fig. 14-1C). 
Being of scientific mind and knowing that the earth is far away, they 
may try to perform some experiments in order to find out what the differ- 
ence is between the force acting on them because of the operation of the 


'rocket motors and the force of gravity acting on the earth's surface. 


Lifting a wooden ball, which for some unknown reason is among the 
other things in the cabin, one of the travelers (let us call him Dr. A) 
feels that it presses against his hand as though attracted toward the 
“floor” of the cabin. 

“Feels exactly as if I am holding a wooden ball back home," says 
Dr. A. “If I let it go, it will drop down as it would on the earth." 

“Yes, as if!” counters Dr. B. “But, you know very well there is no 
gravity here and that the ball will simply approach the rear wall of our 
cabin because, once you let it go, it will continue to move with a constant 
velocity while our rocket is accelerating and gaining speed.” 

“What’s the difference?” objects Dr. A. “It falls just the same. Is there 
any way to check whether its fall is due to the accleration of our rocket 
ship or to the gravitational attraction of some very large mass under 
our feet?” 

“Why don’t we repeat Galileo’s experiment, dropping a light and a 
heavy ball simultaneously and see if they fall down at the same speed,” 


suggests Dr. B. ‘ j 
“Very well, here is an iron ball; God knows how it got here,” says Dr. 
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A, holding the two balls in his hands. “Now, I let them go!” 

You can readily imagine what happens when Dr. A releases the two 
balls. They will, of course, move side by side with the same velocity that the 
rocket ship had at the moment of their release. The **floor" of the cabin, 
constantly gaining velocity, would finally overtake them, and hit them 
both at the same time. From the point of view of the rocket-ship travelers, 
however, it would seem that both balls accelerate toward the floor and 
hit it simultaneously. 

The principal point of Einstein's paper was that the behavior of mate- 
rial objects in an accelerated system and their behavior in a gravita- 
tional field are not only similar to one another but absolutely identical. 
In other words, no matter what kinds of physical experiments we carry 
out in a closed cabin, we can never find out whether the cabin is resting 
on the surface of some massive planet or is being accelerated through 
space far away from any gravitating masses. 


One characteristic of a good physical theory is that it not only explains 
known facts but is also able to make new predictions that can be checked 
by experiment. Such was the case with Einstein's views concerning the 
identity of acceleration and gravity. Let us return to our rocket ship 
and see what would happen if the two scientists tried to perform some 
optical experiments inside their cabin. One of the basic properties of 
light is that it propagates along straight lines, so that if we direct a 
beam of a flashlight at the wall, the illuminated spot will be directly 
opposite the source. If one repeats this experiment in an accelerated 
rocket, however, the situation will be rather different, as shown in 
Fig. 14-2. If the rocket were not accelerated, the beam of light coming 
from the source on the left would propagate straight across the cabin to 
produce luminous spots S4, S2, and S, on the transparent plates of flu- 
orescent glass (No. 1, No. 2, and No. 3) placed across its way. If, how- 
ever, the rocket is accelerated, the luminous spots will no longer lie on a 
straight line. The light will take equal intervals of time to cover the 
distances between source and No. 1, between No. 1 and No. 2, and 
between No. 2 and No. 3. Because of the accelerated motion of the rocket 
the displacements of the screens during these time intervals will stand 
in the ratios 1? = 1, 2? = 4, 3? = 9. Thus the spots Sj, S}, and S3, 
tracing the motion of the light beam will lie on a parabola rather than on 
a straight line. Therefore, the observers in the cabin, considering them- . 
selves to be in a gravitational field, will be under the impression that the 
light beam is deflected by the gravitational field in the same way that 
a flying bullet is. If the analogy discussed above between the motion 
of material bodies in an accelerated system and in a gravitational field 
is more than an analogy and if the two things are really identical, we 
should expect that light rays propagating through any gravitational field 
should be deflected in the direction of the acting force. 
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FIG. 14-2 The deflection of a beam of light as observed in an accelerated rocket ship. 


This conclusion was first tested in the observation of a total eclipse 
of the sun in Africa by a British expedition in 1919. These observations 
proved that light rays from distant stars that pass close to the massive 
body of the sun are indeed deflected. The situation is shown schematically 
in Fig. 14-3. If the sun were in some other part of the sky, so that the 
starlight propagated along straight lines (the dashed lines in Fig. 14-3), 
an observer O on the earth would find the value 0 for the angular distance 
between the stars. If, however, the rays coming from the two stars 
were to pass on opposite sides of the sun, their paths would be deflected 
toward the sun (colored lines), and the observed angle 0' would be larger. 
Thus the deflection caused by the gravitational field of the sun would 
make the angle between the stars look larger than it actually is. The test 
could be made, of course, only during a total solar eclipse, since otherwise 
the light from the stars would be lost in the brilliant sunshine. The 
observation of the 1919 eclipse and other later observations confirmed 
the expected bending of light rays in the gravitational field of the sun. 
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FIG. 14-3 The deviation of light from a star when the light passes close to the sun. 


The deflection of starlight as it passes near the sun is very small, 
however, and is difficult to measure with much precision. In recent 
years, several other theories (similar to Einstein's General Theory of 
Relativity, but differing from it in some details) have been proposed. 
So far, the experimental data from eclipse photographs have not been 
precise enough to show that any one of the theories is right and the others 
wrong. à 


Einstein’s ideas concerning the nature of the gravitational field also 
predicted other consequences that could be confirmed by astronomical 
observations. One of them pertained to the motion of planets around the 
sun. 

The major, i.e., longest, axis of the elliptical orbit of the planet Mer- 
cury does not remain always fixed in the same direction, but rather 
rotates, or precesses, about the sun approximately 575 seconds of arc 
per century (Fig. 14-4). Most of the precession can be explained by 
purely Newtonian mechanics, applied to the gravitational pulls of the 
other planets as they, too, revolve around the sun and tug at Mercury 
as they pass. When all these effects are calculated, 43 seconds/century still 
remains unaccounted for. 

Einstein's General Theory of Relativity predicts results a little differ- 
ent from Newton's, especially for a planet like Mercury, which has a 
very elliptical orbit and is in a very strong gravitational field close to 


Precession the sun. Einstein's calculations showed that the major axis of Mercury's 
orbit should be expected to precess at the rate of just 43 seconds/century, 
even without the pulls of any other planets. The General Theory of 

N Relativity thus gave the answer to a puzzle over which astronomers 
had been scratching their heads for many decades. 
2d But astrophysicists cannot let well enough alone; it has recently been 
noted that if the sun were not quite perfectly spherical, it would have an 
effect on Mercury's precession that had not previously been taken into 
account. Experiments are now going on to determine whether thé rota- . 
: tion of the sun bulges its equator enough to put the predictions of the 
Fig iba tangs General Theory of Relativity in question. Eventually, if measurements 
of an elliptical orbit. can be made accurately enough and if we learn more about how the. 
mass of the sun is distributed in its deep, rotating interior, it may be 
possible to choose between Einstein’s General Theory of Relativity and 
some of the competing not-quite-the-same theories. 

Another important consequence of the General Theory of Relativity 
was that gravity should influence the rate of all physical processes by 
slowing them down. Thus, on the surface of the moon, where gravity is 
weaker than on the surface of the earth, a chronometer should gain time 
with respect to an identical terrestrial chronometer, whereas on the 
surface of the sun, where gravity is much stronger, it should trail behind. 
Of course, it is impossible to place a man-made chronometer on the sur- 
face of the sun, but fortunately there are natural chronometers already 
there: the atoms that tick their time by emitting light waves of well- 
defined frequencies. Thus, in order to see if there is any difference in 
the clock rate on the surface of the sun and on the surface of the earth, 

. one should compare the frequency of light emitted by identical sources, 
one on the sun and one on the earth. Light emitted by atoms of different 
elements provide means for such a study. The vibrations of the atoms 
in the sun’s strong gravitational field should be slower than those of 
similar atoms on the earth. But this difference is only about two-parts 
in a million and is very difficult to measure accurately. More recent 
experiments have used the vibrations emitted by the nuclei of atoms 
(gamma rays) which can be measured with great precision. These, 
measured at different elevations within the same laboratory, give results 
that (like the shift in sunlight) agree with Einstein's predictions. Unfor- 
tunately, however, all the competing theories—even an extension of 
Newton's laws—predict the same thing, so that this agreement provides 
no basis for choosing among them. 

Einstein's Special Theory has no competitors, and has been so thor- 
oughly confirmed by experimental evidence that it is now a solid part 
of the foundations of physics. But the General Theory is still far out. 
along the frontiers of scieuce. Although it is the original theory from 
which all its present competitors have been derived, the experimental 
evidence is not yet good enough to say which one of its many modifica- 


tions, if any, is correct. 
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The second great step made by Einstein in his General Theory of Rela- 


_ tivity was to associate a gravitational field with a curvature of the .our- 


dimensional space in the neighborhood of gravitating masses. What 
does it mean that space is curved? The best way to understand the cum- 
bersome notion of curved space is through an analogy with curved 
surfaces that have only two dimensions and thus can be easily visualized. 


- We know very well the difference between a plane surface, such as the 


surface of a table, and curved surfaces, such as those of a football or a 
saddle. Mathematicians distinguish between two kinds of curved sur- 
faces: those with positive curvature and those with negative curvature. 
In order to tell which is which, we draw a plane tangent to the curved 
surface at one point. If the curved surface lies entirely on one side of the 
plane (Fig. 14-5A), the curvature of the surface is called positive. If, 
on the other hand, the plane and the surface intersect so that one part of 
the curved surface lies above and another part below the plane (Fig. 
14-SB), the curvature is called negative. We can easily see that, ac- 
cording to this definition, the surface of a sphere or an ellipsoid has a 
positive curvature, while the curvature of any saddle-shaped surface is 
negative. 


FIG. 14-5 Surfaces of (A) positive; and of (B) negative curvature. Note that in the case 
of positive curvature the entire curved surface is on the same side of the tangent plane, 
while in the case of negative curvature, part of the curved surface is on one side of the 
tangent plane and part is on the other side. 
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The difference between a surface of positive and one of negative 
curvature shows in the properties of geometrical figures drawn on them. - 
While figures drawn on a plane surface are subject to the rules of classical 
Euclidean geometry, it is not so for figures drawn on curved surfaces. 
Consider, for example, the theorem of Euclidean plane geometry accord- 
ing to which the sum of the angles of a triangle is always equal to two 
right angles. This theorem does not hold for spherical triangles formed 
by arcs of great circles connecting three points A, B, and C on the surface 
of a sphere (Fig. 14-6A) since the surface, so to speak, “bulges up” 
between the vertices of the triangle. The simplest way to see this is 
to consider a triangle A'B'C' with one vertex at the pole and two others 
on the equator of the sphere. Since the meridians forming two sides of 
that triangle make right angles with the equator, the sum of the angles 
A'B'C' and A'C'B' is already equal to two right angles and we have in 
addition the third angle B'A'C' that can be quite large. An opposite 
result will be obtained in the case of a triangle drawn on a saddlelike 
surface (Fig. 14-6B). The sum of the angles of a triangle there is smaller 
than two right angles, since the surface "sinks" between the vertices. It 
should be noticed that in both the cases above, the sides of the triangle 
are actually not straight lines in the common sense of the word, but the 
"straightest" lines that can be drawn on the surface. They actually 
represent the shortest distances between the two given points, and are 
known in mathematics as geodesic lines, or simply geodesics. In the geom- 
etry of curved surfaces, geodesics play the same role that straight lines 
do in ordinary plane geometry. à 

From the simple facts concerning the geometry of surfaces with only 
two dimensions, we can now generalize for the case of three-dimensional 


FIG. 14-6 The sum of the angles of a triangle equals 180° only when the triangle is 
drawn on a plane surface. p 


a+ß+y> 180° a B4 y « 180° 
A B 


256 ~ 
The General Theory 
of Relativity 


14-5 

The Curved 

Space-Time 
Continuum 


space. Since we are ourselves three-dimensional beings, and hence can- 
not look at the space we live in from the outside as we can look at the 
surfaces, we are deprived of the ability to visualize curved Spaces as 
easily as we can curved surfaces. What we can do, however, is to say 
that the three-dimensional space that surrounds us on all sides is curved 
if its geometrical properties deviate from the laws formulated by Euclid. 
Thus, if the sum of the angles of a triangle formed by any three points 
in space is larger than two right angles, we ascribe to the space a positive 
curvature; if the sum of the angles is less than 180°, the curvature of 
space is considered to be negative. 

In order to give physical meaning to these rather abstract considera- 
tions, imagine three astronomers located at three observation points 
(planets, or even spaceships) around the sun (Fig. 14-7). Each of the 
three astronomers uses a very accurate instrument for measuring the 
angles of the triangle ABC formed by the three positions in space. If 
the sun were not inside this triangle, light rays would propagate along 
"conventional" straight lines (broken lines in Fig. 14-7), and our astron- 
omers would confirm the classical Euclidean statement. The presence 
of the gravitational field of the sun, however, will cause light rays to be 
bent (solid lines in Fig. 14-7); adding together their measurements 
of the three angles, our astronomers will find a value larger than two right 
angles. Einstein's revolutionary idea was to ascribe the finding of the 
three astronomers in the hypothetical case above, not to the deflection of 
light rays propagating through Euclidean Space, but rather to the deviation 
of the geometry of the space itself from the classical Euclidean rules. In 
other words, light rays always propagate along the “straightest” (geodesic) 
lines, and the deviation from the rules of Euclidean geometry obtained b y 
measurements carried out in the neighborhood of the sun is due to the 
curvature of space caused by the presence of the sum's large gravitating 
mass. Since the sum of the angles of a triangle is in this case larger than 
two right angles, the curvature of space in the neighborhood of the sun 
is to be considered as positive. The idea of replacing the picture of a 
physical deflection of light rays propagating through a gravitational 
field by a change in the geometry of space caused by the presence of the 
gravitating mass turned out to be very helpful to the understanding and 
mathematical description of the phenomenon of gravity. 


In the previous section, we have introduced the idea of a curvature 
of three-dimensional space caused by the presence of gravitating 
masses. We have seen, however, that Space and time must be unified 
into a single four-dimensional continuum, each point of which is charac- 
terized by four coordinates: x, Y, Z, and t. Accordingly, the General 
Theory of Relativity considers the above-described curvature of three- 


_ dimensional space caused by the presence of gravitating masses to be 


the result of a curvature of the four-dimensional space-time continuum 
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FIG. 14-7 Three observers checking Euclidean geometry for a triangle described around 
the sun. 


itself. This notion can be clarified by considering as an example the rota- 
tion of the earth around the sun. Since the earth's orbit lies in a plane, 
we need retain only the two space coordinates x and y located in this 
plane and replace the third space coordinate z by f. It is convenient 
to multiply time by the velocity of light c, so that this coordinate will 
have the same physical dimensions as the simple space coordinates 
x and y. As a result, we obtain the picture shown in Fig. 14-8, in which 
each plane perpendicular to the ct axis gives the position of the earth 
in its orbit at the time corresponding to the position of the plane. Con- 
necting the consecutive positions of the earth by a continuous line, 
we obtain a helix that winds around the time axis passing through the 
sun. Such lines, which if we include the third z coordinate of space would 
run through the four-dimensional space-time continuum, are known as 
the world lines of the material bodies whose motion they describe. 

In our example, the world line of the sun is a straight line perpendicu- 
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FIG. 14-8 The world line of the earth in its orbital motion around the sun. Only two 
space dimensions (x and y) are shown; the third dimension (marked “ct,” perpendicular 
to x and y) represents the solar system's passage through time. 


lar to the xy plane, whereas the world line of the earth is a helix winding 
around it. Such would be the situation if we considered the space-time 
continuum to be subject to the rules of Euclidean geometry. In the 
General Theory of Relativity, however, the four-dimensional space- 
time continuum is itself considered to be curved, so that the conventional 
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straight lines of Euclidean geometry must be replaced by geodesic lines 
in curved four-dimensional space. It was shown by Einstein that the 
helical world line of the earth shown in Fig. 14-8 is actually such a 
geodesic, or "straight line" in the curved space surrounding the sun. 
Thus, just as in the case of the deflection of light rays passing close to 
the sun, the orbital motion of the earth can be interpreted, not as being 
caused by a certain physical force exerted on it by the sun, but as the result 
of the curvature of space in the sun's neighborhood. 

We can summarize this section by saying that Einstein's General 
Theory of Relativity gives a geometrical interpretation to the New- 
tonian theory of universal gravity: Instead of saying that the propagation 
of light and the motion of material bodies are compelled to deviate from 
straight lines by the force of gravity, we say that this motion takes place 
along the "straightest" (geodesic) lines in a space that is curved by the 
presence of gravitating masses. 


15-1 
Static Electricity 


In early experiments. with electricity carried out by William Gilbert 
(1540-1603), personal physician to Queen Elizabeth I, electric charges 
were produced by such means as “rubbing a galosh against a fur coat" or 
rubbing a glass rod with a silk handkerchief. We may have noticed that 
when a passenger in a fur coat slides across a plastic car seat, a spark may 
jump between his finger and the car door when he touches it. Or we may 
draw a similar spark from a radiator after walking across a carpet on a 
dry day. Electricity produced in such ways is static electricity, and from 
early studies of it the first laws of. electricity were discovered. 

Let us suspend two light metal or metal-covered balls from dry 
threads a short distance apart, as in Fig. 15-1. Rub a hard-rubber rod 
with a piece of fur or wool, and touch each ball with the rod; the balls will 
be seen to repel each other (Fig. 15-1A). They will also repel each other 
if they are both touched with the fur (Fig. 15-1B). However, if one ball 
is touched. with the rubber rod, and the other with the fur, they will 
attract each other (Fig. 15-1C). A similar experiment, with exactly 
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corresponding results, could be done using a glass rod and a silk cloth. 
These experiments serve to confirm Gilbert's conclusions that there are 
two kinds of electric charge, and that electric charges of the same kind 
repel each other, and those of the opposite kind attract each other. 

We need one more experiment to complete this qualitative picture. 
Touch one of the balls with the hard-rubber rod rubbed with fur; touch 
the other ball with a glass rod rubbed with silk. The balls attract each 
other, showing that the charges are opposite. In the late eighteenth 
century, Benjamin Franklin introduced the terminology of negative for 
the kind of charge on the rubber rod rubbed with fur or wool, and 
positive for that found on a glass rod rubbed with silk. 

The French physicist C. A. Coulomb (1736-1806) made quantitative 
studies of these electric forces, and found that the force of attraction 
or repulsion between two charged bodies is directly proportional to the pro- 
duct of their charges, and inversely proportional to the square of the dis- 
tance between them. 

A unit for measuring the amount of charge was defined: the electro- 
static unit of charge (esu) is the amount of electric charge that when placed 
on each of two small bodies 1 cm apart, will cause them to repel (or attract, 
if they are oppositely charged) each other with a force of 1 dyne. With this 
unit of charge defined, we can write Coulomb's law as 


r = QQ 


where the charges Q are measured in esu, the distance in cm, and the force 
in dynes. This equation has the advantage that the proportionality con- 
stant is equal to 1, and we do not even have to write it in. The esu is an 
inconveniently small unit of charge for most purposes, however, and 
Coulomb's law, although it was the foundation for all further work in 
electricity, is not very often of much direct use. In physics and electrical 
engineering, most work is concerned with other units based on the MKS 
system, and it is convenient to use a much larger unit of charge known 
as the coulomb (C), which is very nearly 3 x 10? esu. So it will be useful 
to rewrite Coulomb's law, measuring the charge in coulombs, distance in 
meters, and force in newtons. To do this we can find the force in newtons 
FIG.15-1 Repulsion between two one-coulomb charges 1 m apart. This will enable us to figure 


pisani dap dU the proportionality constant that will be needed: 


F (dynes) = Q; (esu) x Q; (esu) 


(d (cm))? 
9 9 
23x10 x3x10 ,. pu dynes 
10* 
=9 x 10? N. 
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We can now write Coulomb's law: 


29 x 10? x Q, x Q 


F P 


in which charge is in coulombs, distance in meters, and force in newtons. 

As an example, we can calculate the force of repulsion between two 
electrons 5 x 1077? m apart. Electrons are tiny particles that are a part 
of all matter, and which all have an identical negative charge of 1.602 x 
195 12:C: 


pa2x 10? x (1.602 x 10719)? 


= 924 x 107!? N. 
(5.96510 7:39)? 


For an understanding of how an electric charge, either + or —, is 
associated with material bodies, we must take a brief look at the atomic 
structure of matter. 

All matter is made up of tiny particles known as atoms. There are only 
about a hundred different kinds of atoms, and they combine with each 
other in different ways to form groups called molecules. All matter has 
been found to be composed of atoms or molecules, and some knowledge 
of how atoms are made will give us valuable information about the 
behavior of matter. 

In 1911, Lord Rutherford in England discovered (by means of inge- 
nious experiments we will discuss farther on) that an atom has a tiny 
nucleus which is positively charged and contains nearly all the mass 
of the atom. Distributed about the nucleus and revolving about it in 
orbits* are much less massive negatively charged particles called 
electrons. 

In a normal atom, there are exactly as many negatively charged elec- 
trons as are needed to neutralize the positive charge of the nucleus, 
so that the atom as a whole is electrically neutral. This is of course also 
true of all normal material substances, which are composed of atoms. 
Figure 15-2 gives a rough idea of how an atom is arranged. The outer- 
most electrons are less strongly bound to the atom than the inner ones, 
and they are the ones that take part in chemical reactions between atoms 
and that are responsible for the accumulation of an electric charge on 
bodies. 

Not all atoms or groups of atoms hold their outer electrons equally 
firmly. The attraction, or affinity, of hard rubber for electrons is greater 
than that of fur fibers. Accordingly, when a hard-rubber stick is rubbed 


* The visual picture of electrons revolving in orbits is not quite true, but it will serve 
as a tentative model. 
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FIG. 15-2 Schematic model of an atom. 


with fur, some of the electrons leave the fur and become attached to the 
rubber. Thus the hard rubber, with an excess of negative electrons, 
becomes negatively charged; the fur, left without enough electrons to - 
neutralize the positive charges of its atomic nuclei, is left with a net posi- 
tive charge. If a glass rod is rubbed with a piece of silk, the glass will be 
found to have a positive charge and the silk a negative charge, indicating 
that the silk fibers have a greater affinity for electrons than the glass 
does. We must bear in mind that, in solid materials, only some of the 
outer electrons may have any freedom to move. The remainder of the 
atom is firmly fixed in place. 


Let us take a ball made of cork or pith, covered with metal foil, and 
touch it with a hard-rubber rod previously rubbed with fur or a woolen 
cloth. Some of the excess electrons.on the rod will leave it and transfer to 
the ball, giving the ball a negative charge. The negative charge on the 
ball can be confirmed by noting that it is strongly repelled by the rubber 
rod. (Like charges repel each other.) 3 

Now if you hold in your hand a piece of bare wire, a metal spoon, 
or a' wet stick of wood and touch it to the charged ball, the ball will be 
found to lose its charge. Apparently, the excess of electrons on the ball 
is able to flow into your hand and body through the connecting material. 
If this experiment is repeated, and you hold a piece of dry wood, a glass 
rod, a tube of paper, or a piece of plastic, the charge will be found to 
remain on the ball. 

This experiment can serve as a basis for separating materials into . 
two general classes: conductors, through which a stream of electrons can 


264 
Electrostatics 


15-4 
Induced Charges 


readily flow, and insulators, or nonconductors, through which electrons 
cannot move. In general, metals and water solutions of salts, acids, and 
alkalis are conductors, whereas nonmetallic solids and oils. are non- 
conductors. Do not take this as a rigorous classification scheme, because 
all conductors offer some resistance to the passage of electrons and all 
insulators permit some few electrons to pass through. A number of 
materials are on middle ground, and are neither good conductors nor 
good insulators. For many purposes, however, the classification is a 
useful one. 


We can be sure a foil-covered pith ball will be electrically neutral if 
it is touched with a finger or with one end of a wire connected to a 
water pipe that is in turn buried in the ground. Any excess or deficiency 
of electrons on the ball will be removed by a flow of electrons to or from 
your body. Yet such a neutral ball will be attracted by either a positively 
or a negatively charged rod. We must look for some explanation of this 
behavior, since we might expect from Coulomb's law, with one of the 
Q's — 0, that a neutral ball would not be affected one way or the other. 
Figure 15-3 shows what happens in such a situation. The attraction of 
the positively charged rod draws toward itself some of the mobile elec- 
trons in the metal covering of the ball, thus leaving an equal number 
of the atoms on the distant side of the ball with a net positive charge. 
The rod consequently attracts the near side of the ball and repels the far 
side; since the near side is nearer (naturally!), the attraction is stronger 
than the repulsion, and the net effect is a force of attraction. We need 
only reverse all the signs in Fig. 15-3 to see that a negatively charged 
rod would also, and equally, attract a neutral ball. 

When the charged rod is removed from the neighborhood of the ball, 
the excess electrons on the front of the ball return to the rear half and 


FIG. 15-3 The attraction of an electrically neutral foil-covered pith ball to a charged rod. 


265 
Electrostatics 


FIG. 15-4 Electrons flow from finger to ball, thus giving the ball a charge by induction. 


the ball is again uniformly without charge of either kind. If we touch the 
ball with.a finger while the charged rod is still near, however, the situa- 
tion is changed. Figure 15-4 shows electrons, attracted by both the 
rod and the electron-deficient half of the ball, flowing into the ball. 
The finger is then removed, and if the charged rod is taken away, the 
excess electrons, as a result of their mutual repulsion, distribute them- 
selves evenly over the surface of the ball and give it a uniform negative 
charge. If the same experiment were repeated with a negative rod, 
electrons would be repelled from the ball into the finger and the ball 
would be charged positively. 

The attraction of a neutral foil-covered pith ball toward a charged 
rod was easily explained in terms of the migration of electrons through 
the conducting foil. However, the charged rod will also attract pieces of 
dry paper, lint, and hair, which are all good insulators, so that the 
electron migration explanation will not work. Here we have an example 
of the polarization of atoms in an electric field, We have pictured an 
atom as consisting of a massive positive nucleus surrounded by a whirling 
cloud of negative electrons. Normally, the electron cloud is centered 
on the nucleus, but a nearby charged body causes forces of repulsion and 
attraction that distort each atom. Figure 15-5A shows a normal atom, 
with the electron cloud centered on the nucleus. In Fig. 15-5B, the nearby 
negatively charged rod attracts the nucleus and repels the electrons, 
with the result that the center of the electron cloud now falls on the 
far side of the nucleus, so that the attraction for the nucleus is greater 
than the repulsion of the electrons, and’ the atom as a whole is slightly 
attracted toward the rod. This effect is small for any one atom, but there 
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FIG. 15-5 Polarization of an atom in an electric field. 


are an enormous number of atoms in a piece of paper or a bit of hair 
and the total force of attraction may be quite appreciable. You should 
redraw Fig. 15-5 for yourself, with a positive rod, to demonstrate that 
this, too, will result in a polarization of the atom in such a way that it 
will again result in an attraction. 


For the detection and measurement of electric charge, many different 
devices have been designed, some of them complicated and expensive 
electronic instruments. Among the simplest, however, is the gold-leaf 
electroscope (Fig. 15-6). It consists of a metal rod, with a right-angle 


FIG. 15-6 The gold-leaf electroscope. 
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bend at the bottom, and a metal ball, which is generally fastened to the 
top of the rod. A strip of very thin gold foil is draped over the bottom 
bend of the rod and cemented to it. The rod is supported by a good 
insulator in the top of a box that surrounds the fragile gold leaves and 
protects them from damage. When the electroscope is uncharged, the 
gold leaves hang straight downward from their own weight (Fig. 15-6A). 
When the electroscope has been charged, however, by having it touch 
some charged object, the leaves stand apart (Fig. 15-6B) because of the 
repulsion of the like charges on each leaf. 

Figure 15-6C also shows the leaves standing apart, although the elec- 
troscope as a whole has no net charge. The positively charged rod near 


` the knob has attracted electrons from the leaves up into the knob, thus 


giving the leaves a positive charge so that they repel each other. In this 
case, when the rod is removed, the electrons will return to the leaves 
and they will again hang down normally, as in Fig. 15-6A. 

But if instead of immediately taking the charged rod away, we first 
touch thé knob, the situation will be the same as that shown in Fig. 
15-4: The rod will attract more electrons from the finger into the ball. 
Now if we first remove the touching finger (so that the electrons cannot 
flow back) and then take the rod away, the electroscope will be left with 
a charge opposite that of the rod. Charging an electroscope by induction 
in this way is generally more satisfactory than charging it by direct 
contact. 


In considering the mechanical interactions between material bodies, 
we are accustomed to the fact that such interactions require diréct 
bodily contact. If we want to move an object, we have to touch it with 
our hand or else have a stick to push it or a rope to pull it. An exception 
to this need for direct contact is found in the gravitational attraction 
that all bodies exert on each other. This “action at a distance" bothered 
Newton when he announced his law of universal gravitational attrac- 
tion, and he made no attempt to explain how gravitational forces were 
exerted. We say that every mass is surrounded by a gravitational field 
that in some way appears to exert an attractive force on other masses. 
Einstein has contributed a great deal to our understanding of the gravita- 
tional field but there is nevertheless still much qae connected with 
forces that act at a distance. 

The forces of electrical repulsion and attraction, acting without any 
apparent connection between charged bodies, are similar examples of 
action at a distance and can be attributed to the existence of an electric 
field surrounding charged bodies. Without making any attempt to 
explain its workings, we can nevertheless describe an electric field 
accurately and understandably in terms of the force it exerts on a test 
charge. The imaginary test charge to be used is a positive charge of 1 
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coulomb. Wherever this test charge is placed in an electric field, it will 
have exerted on it a force of a certain magnitude and direction. 

The strength and direction of the electric field at any point are defined 
to be the same as the magnitude and direction of the force exerted on our 
unit test charge when it is placed at that point. When we use the test 
charge of +1 C, the electric field strength E equals the force F that the 
field exerts on the test charge, and is in the same direction. This can be 
made more general by imagining that we use a particle bearing some 
other charge of Q C. In this case the force will be just Q times as great as 
for a unit charge, and we can write 


F 
F-EQ or E=.” 
Q 


In the MKS system we are using, the field strength will naturally be in 
newtons per coulomb. 

It is easy to derive a general expression for the strength of the electric 
field caused by a charged sphere, or by a charged particle of any shape 
that is small enough to be considered a point. Let us take a sphere 
bearing a charge Q and calculate the field at point A, which is a distance 
rm from it. We put the imaginary + 1 C standard test charge at that point 
(Fig. 15-7) and figure the force F exerted on it. Coulomb’s law gives this as 


9 
p22x10 Eg 
r 


Since we always use +1 C as the test charge, we can omit the 1 from the 
numerator; and since this force per unit charge is the definiticn of the 
field strength E, we have simply 


_ 9 x 109 


E E 


FIG. 15-7 Determination of the electric field at point A, at a distance r from a charged 
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FIG. 15-8 The electric lines of force that map the electric field around charged bodies. 


The field can be mapped by drawing lines that at every point run in 
the direction of the field. Figure 15-8 shows the electric field mapped out 
with “lines of force" for two simple cases. In Fig. 15-8A, there is a single 
positively charged sphere, and no matter where the test charge is placed, 
the force on it will be radially outward away from the central charge 
in the field we are mapping. Figure 15-8B shows the field resulting from 
a positive charge Q, and a negative charge Q, in the same neighborhood. 
Our +1-C test charge at A will be repelled by Q, and attracted to 
Q2. The total force on the test charge will be F, the vector sum of F, 
and F;. The line of force passing through point A, since it is required 
to give the direction of the field, must be tangent to the vector F. 

There is no limit to the number of lines that can be drawn, but it is 
worth noticing that near the charged bodies, where the field is stronger, 
the lines are close together; at a distance, where the field is weak, the 
lines are far apart. Although the drawings show the field only in the 
two-dimensional plane of the page, the field exists, of course, in three 
dimensions. It can be shown that in this three-dimensional picture the 
number of lines of force cutting through a unit area at right angles to 
the field is exactly proportional to the strength of the field. 

Let us take as an example four small charged bodies arranged in a 
square as shown in Fig. 15-9A. What is the electric field at C, in the 
center of the square? The field E will be a vector, the resultant, or vector 
sum, of the four components E;, E>, E;, and E, caused by each of the 
four corner charges. Since C is at the center of the square, its distance 
from each of the charges is 0.10 sin 45° = 7.07 x 107? m (or it could be 
figured as half the diagonal of the square, = 3 x V/((0.1? + (0.1)?) = 
4 x y/0.02:— 7.07 x 107? m). 


t 2x 107 coul 


771075 coul 


33 x 1077 coul 


*2 x 107 coul 


FIG. 15-9 The electric field produced by several charged bodies. 


Because of the symmetry of the arrangement, E, and E, are equal and 
opposite, and so cancel out. For E; we have 


_ 9 x 10? x 107° 


vue 1.80 x 10° N/C. 


2 


Because Q, is negative, the force on the imagined +1 charge at C will 
be an attraction, giving the direction of E; as shown in Fig. 15-9A. The 
field component due to Q, is 


9 ey: 
E,- 9 x 10° x3x10" _ 0.54 x 10° N/C. 


(7.07 x 10-2)? 


This E, component comes from the repulsion of the positive Q,, and 
hence is in the same direction as E;. 

Since E; and E, are in the same direction, the total field E at point C 
is simply 1.80 x 10° + 0.54 x 10° = 2.34 x 10° N/C in a direction 
pointing toward Q,. Electric field strength is by definition the force per 
+1 coulomb, so it follows that if we placed a charge of 1077 coulomb at 
point C, it would experience a force of 2.34 x 10° x 1077 = 0.234 N, 
directed toward Q;. 

We can follow up this idea by finding what forcé will be exerted on 
charge 4: Charge 4's own field cannot move charge 4 any more than a 
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man can lift himself from the floor by pulling on his own bootstraps. 
So let us temporarily remove charge 4 (in imagination, at least), find the 
field there due to the other three charges, and then put 4 back. Figure 
15-9B shows the other three charges and the components of the field that 
each one produces. Components E, and E; are perpendicular to each 
other, and are each 9 x 10° x 2 x 1077/107? = 1.8 x 105 N/C. 
Vectorially, these add to give E,,4 = 1.8 x 105 x y2 = 2.55 x 105 
N/C, at a 45° angle as shown. Directed toward Q,, E; = 9 x 10? x 
1075/(0.1414)? = 4.50 x 10° N/C. The sum of all three components of 
the field (since E; and £,, are along the same line) is 4.50 x 105 — 
2.55 x 10° = 1.95 x 10° N/C toward Q,. When we replace Q, in this ` 
field, the force on it will be 1.95 x 10° x 3 x 1077 = 5.85 x 107? N, 
toward the charge Q;. 


Imagine a small body bearing an electric charge of Q C. At any point 
r meters from this charged body the electric field will have a strength 
ofE = 9 x 10° x Q/r. This same point will also have another property 
called electric potential. The electric potential at a point is equal to the 
work needed to bring a +1 coulomb charge to the point from an infinite 
distance away. 

We do not need to start from the beginning to calculate this amount 
of work, because we have already done so in Chapter 6 on p. 110, in 


discussing gravitational potential energy. There we started with a force of 


gravitational attraction, F = 6.67 x 10^! x m, x m,/r?. The expres- 
sion for electrical attraction (or repulsion) is a similar inverse-square 
rerelationship: F = 9 x 10° x Q; x Q,/r?. 

In the gravitational test case, we might let one of the masses be a 1-kg 
"test mass," located r cm from another mass M. On p. 110 we found the 
work necessary to move the 1-kg test mass from its distance of r m to 
infinity would be simply 6.67 x 107!! x M/r. Conversely, the work 
needed to bring the test mass from infinity to r would be the negative of 
this. We could therefore describe the gravitational potential at a point 
rm from M as —6.67 x 1071! x Mjr. In an analogous treatment of the 
electrical case, we let Q, be a +1-C test charge, and conclude that the 
electric potential V at a point r m from a charge of Q C is simply 
V — 9 x 10° x Qjr. The minus sign does not appear here, as it did in 
the similar expression for gravitational potential. As far as we know now, 
all mass is alike—there are no +m’s and —m’s—and these like masses 
always attract. Like electric charges always repel. If the charge Q were 
negative, the potential V would be negative. 

As an example, take a foil-covered pith ball 3 cm in diameter, with a 
charge of 2 x 107° C. What is the potential 6 cm from its surface? 
Here, with the charge uniformly distributed over the sphere, its effect 
will be the same as though all the charge were at the center of the ball, 
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7.5cm = 7.5 x 107? m from the point where we want to determine the 
potential. Then 


ya 2% 10? x 2 x 107? 


75x 107? 


The potential at the ball's surface, 1.5 x 107? m from the center, would 
be 


= 240 J/C. 


29x 10 x2x 10? 


y 
1.5 x 107? 


= 1200 J/C. 


The concept of electric potential is a very important one, and one for 
which we shall have many uses. Few of these uses will have any apparent 
connection with the idea of moving a test charge up to a certain distance 
from a charged body, as we have just done. The procedure of moving 
up the test charge, however, serves to illustrate and emphasize the impor- 
tant fact that electric potential is work per unit charge. 

To many of you the unit of potential joules per coulomb, may seem a 
bit strange and unfamiliar. However, nearly everyone is familiar with its 
other name—the volt. A volt (V) is a joule per coulomb. 


1Y 2 1JJC. 


Actually, we are seldom concerned with the absolute potential of a 
point, that is, with the work needed to bring a unit charge up to the 
point from infinity. More often, we shall deal with the potential difference 
between two points, which is the work required (either positive or nega- 
tive) to move a coulomb from one point to the other. When we speak of 
“a 6-volt battery," we mean that the potential difference between the 
terminals of the battery is 6 volts, i.e., that a coulomb of charge will do 
6 joules of work in flowing from one terminal to the other. 


When we originally defined electric potential, it was associated with 
the presence of an electrically charged body. The surface of a charged 
conducting ball must be at some definite potential, because it will 
take a definite amount of work to bring a unit charge up to the ball. 
If the charge on the ball were doubled, it would take twice as much work 
to bring up a unit charge, and the potential of the ball would accord- 
ingly be twice as high. We thus see that the charge on a body is propor- 
tional to its potential, and the ratio of charge to potential is called the 
capacitance of the body. The basic unit in which capacitance is measured 
is the farad (F), which is a coulomb per volt. That is, if one coulomb of 
charge added to a body gives it a potential of one volt, it has a capaci- 
tance of one farad: 
C (farads) = 2 (Coulombs) 
V (volts) 
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The farad is an awkwardly large unit, and capacitance is more often 

measured in microfarads (uF) or picofarads (pF = 10-!2 F, often 

referred to as a "puff." Sometimes the picofarad is written as uF.) 
The capacitance of an isolated body such as an 'electroscope is very 


small. If an ordinary dry cell (about 1.5 volts) is connected between the - 


electroscope knob and the ground (Fig. 15-10A), thereby moving elec- 
trons from the ground to the knob until.the electroscope has a potential 
of 1.5 volts with respect to the ground, there will be no perceptible move- 
ment of the leaves. The Q transferred to the electroscope is so small that 
it will cause no perceptible repulsion of the leaves. 

We can modify the electroscope by replacing the knob with a large 
flat sheet of metal. On this we put a thin sheet of insulating material and 


complete the sandwich with another flat metal sheet, as shown in Fig. - 


15-10B. The battery will pull electrons from the top plate through the 


` battery and into the bottom electroscope plate until the potential differ- 


ence between the two plates reaches 1.5 volts. The amount of charge 
transferred will be enormously greater than in Fig. 15-10A; however. 
The attraction of the positively charged top plate will help bring in and 
hold the negative charge on the bottom plate. This attraction of the top 
plate will also prevent much negative charge from accumulating on the 
gold leaves, and the leaves will hang nearly straight down. The battery 
can now be disconnected. (The charging of the two plates will take only a 


FIG. 15-10 Increasing the charge on an electroscope by using a capacitor. 
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fraction of a second.) When the top plate is removed, the mutual repulsion 
of the excess electrons on the electroscope will drive some of the charge 
down into the leaves, which will now stand apart (Fig. 15-10C). 

A device such as we have put on the electroscope—two sheets of metal 
or other conductor, with a sheet of insulating material between them— 
is called a condenser or capacitor. The capacitance of the condenser—that 
is, the amount of electrical charge on its plates divided by the potential 
difference between its plates—depends on several factors. One such fac- 
tor is obviously its area; if the plates are made twice as large, the charge 
held.on them will be twice as great. The thickness of the insulating layer 
between the plates is also important. The closer the plates are to one 
another, the greater is the amount of charge that is held, because of the 
increase in the strength of the electric field between the plates as they are 
brought closer together. 

\ Figure 15-11 shows a pair of parallel charged plates separated by d 
m and with a potential difference of V volts between them. In the 
empty space between them will be an electric field with a strength we 
can call E N/C. This field will be uniform and perpendicular to the 
plates except at the very edge. In order to find the strength of the field, 
let us take a small charge of +q C and move it from the negative plate 
to the positive plate. The work needed to do this is F x d, or Eqd 
joules. The work can also be found in another way: Since V is by defini- 
tion the work in joules needed to move 1 coulomb from one plate to the 
other, then to move q coulombs will-require Vg joules. Equating the two 
expressions for the same work, we find 


Eqd = Vq 
or 


ENJC = Z vim. 


FIG. 15-11 Charged parallel plates with vacuum (or air) between them. 
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FIG. 15-12 Charged parallel plates separated by a dielectric material. 


Thus we see that expressing electric field strength in volts per meter is . 
exactly equivalent to expressing it according to its definition as newtons 
per coulomb. 

If, for example, we have a parallel-plate capacitor made of two metal 
Sheets 10 cm x 10 cm, 2 mm apart, and connect the plates to the 
terminals of a 45-volt battery, we have for V/d: 45/(2 x 1075) = 22,500 
V/m. The electric field between the plates is thus 22,500 N/C. : 

The material between the plates also has a strong influence on the 
capacitance of a condenser. Figure 15-12 shows a dielectric slab between 
the plates. (Insulators or nonconductors are known as dielectrics.) We 
have already mentioned the distortion or polarization of atoms in an 
electric field, and in Fig. 15-12 the atoms of the dielectric between the 
plates are represented schematically in a distorted form. The positive 
signs represent the nuclei thrust downward by the field between the 
plates; the negative signs above the nuclei represent the centers of the 
clouds of electrons that are thrust upward. In the central material of 
the slab, these atomic distortions average out to no net effect. At the top 
surface, however, the upward-pulled electrons result in a layer of excess 
negative charge. Similarly, on the bottom face of the slab, the down- 
ward-pulled positive nuclei produce a surface layer of positive charge. 
These layers of induced charge help maintain the charges on the metal 
plates and result in a higher capacitance for the condenser. For our 
purposes, we can define the dielectric constant of an insulating material as 
the factor by which it multiplies the capacitance of a condenser, as 
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‘Electrostatics Here are dielectric constants K for a few common dielectrics: 
Hard rubber 25 
or Glass 610 10 
Oil 2102.3 
Water (pure) |. 80 
Mica 5.5 to 6.5 
Air 1.001 


What causes the difference in the dielectric constants for different 
materials? Why does a sheet of glass between the plates of a capacitor 
increase its capacitance by a factor of, say, 6, while the same capacitor 
dipped into oil would have its capacitance only doubled? The. answer 
is, of course, that some atoms or molecules are more readily polarizable 
than others. In glass, the layers of -- and — charge on each side are 
stronger and better separated than the corresponding layers formed in 
oil. Water, with its enormous dielectric constant of 80, introduces a new 
factor, because the water molecule is already polarized, even if it is not in 
an electric field. One end of a water molecule is positive, and the other 
negative; in an electric field, the molecule merely rotates (which it can 
readily do in its liquid state) in response to the electric forces on it, 
and thereby readily produces strong layers of induced charge on its 
surfaces. 

Putting all this discussion together, we see that the capacitance of a 
parallel-plate capacitor is proportional to its area A and to the dielectric 
constant K, and inversely proportional to the distance d separating the 
plates: 


Ep HE 
d 


If C is to be in farads, A in square meters, and d in meters, the propor- 
tionality constant k can be shown to be 8.85 x 10^ '?, which gives us 


_ 8.85 x 1071? KA 
SIMON IN 


C 


The capacitor used as an example earlier in this section thus has a 
capacitance of 


_ 8.85 x 1071? x 1 x 0.10 x 0.10* 


= 4.4 ae 
ATE Dex lO t E. 


e 
= 442 pF. 
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* If the dimensions were all accurate to one part in a thousand and we wanted an answer 
to equal accuracy, it would have been necessary to use 1.001 for the dielectric constant of 
the air between the plates. Since only a very few special capacitors would warrant calculations 
this precise, the difference between vacuum (1.000) and air (1.001) has been neglected here. 
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(15-1) 


(15-3) 


(15-4) 


The charge on each of the plates of this capacitor at a potential differ- 
ence of 45 volts would be 


Q = CV = 4.42 x 107" x 45 = 1.99 x 10^? C. 


If a sheet of hard rubber 2 mm thick were slipped between the capaci- 
tor plates, with the battery still connected, V would of course remain the 
same, but the capacitance and the charge on the plates would each 
become greater by a factor of 2.5. Suppose, though, that the battery is 
first disconnected, and then the rubber sheet slipped into position, Since 
there is no conductor through which electrons can move, the charge on 
the plates must remain the same. The capacitance is again increased by 
a factor of 2.5; since V = Q/C, the potential difference between the 
plates drops to 18 volts. 


Questions 


1. Two small charged balls, 8 cm apart in air, have charges of +12 and +4 
esu. What is the force between them? 

2. Two small charged balls are placed 5 cm apart in air. One ball has a 
charge of +6 esu and the other, —20 esu. What is the force between them? 
3. Two small equally-charged balls repel each other with a force of 1.2 x 1074 
N when they are 4 cm apart. How many coulombs of charge is on each ball? 
4. Two protons repel each other with a force of 4 x 10-1! N when they are 
24 x 107° m apart. What is the charge on each proton, in coulombs? 

5. An electron has a charge of 1.60 x 10-!? C; the charge of an alpha 
particle is twice as large, and positive. How far apart are an electron and an 
alpha particle when there is an attraction of 6 x 107!! N between them? 
6. One small ball has a charge of --2 x 107? C; another has a charge of 
—4 x 107? C. How far apart must they be to attract each other with a 
force of 4.5 x 1075 N? 

7. Two identical metal-covered balls attract each other with a force of 8 dynes 
when they are 3 cm apart. The balls are now touched together, and their total 
charge becomes equally divided between them. When replaced at 3 cm apart 
they are found to repel each other with a force of 1 dyne. (a) What is the 
explanation for the switch from attraction to repulsion? (b) What is the charge 
on each ball after touching? (c) What were the charges before touching? 

8. Two charged balls are identical, and are covered with a metal coating. 
They attract each other with a force of 27 dynes when they are 4 cm apart. 
The balls are touched together, and their total charge divides equally between 
them. They now repel each other with a force of 9 dynes when placed 4 cm 
apart. (a) What is the explanation of the change from attraction to repulsion? 
(b) What is the charge on each ball after touching? (c) What were the charges 
before touching? 

9.15 previous questions, we have tacitly assumed that the conductive balls 
were small enough in comparison to their distance apart that any migration 
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(15-5) 


(15-6) 


of charge over their surfaces would not affect our answers. Consider, however, 
two such balls 0.5 cm in diameter, with a charge of —2 esu on each. Place the 
balls 2 cm apart, measured center-to-center. Taking the inevitable migration 
of charge into account, would the actual repulsion between them be greater 
or less than the 1 dyne we might have expected? 

10. Repeat Question 9 for the case in which the charges on the balls are +2 
and —2 esu. Will their attraction be greater or less than 1 dyne? 

11. Given a neutral electroscope, a piece of silk, and a glass rod, describe two 
ways to give the electroscope. a positive charge, and two ways to give it a 
negative charge. 

12. Given a neutral electroscope, a bit of fur, and a rubber rod, describe two 
ways to give the electroscope a positive charge, and two ways to give it a 
negative charge. 

13. A hard-rubber rod that has been rubbed with fur is brought near the knob 
of an already charged electroscope. As it approaches, the leaves come closer 
together until they hang straight down. When the rod is brought still closer 
(but without touching the knob), the leaves stand apart again. (a) Explain 
what has happened during the experiment. (b) Was the charge on the electro- 
scope positive or negative? 

14. An electroscope has been charged by touching the knob with a piece of 
glass that has been rubbed with silk. As a charged object is brought near the 
electroscope, the leaves come closer together until they hang straight down. 
When the object is brought still closer (but without ever touching the electro- 
scope), the leaves stand apart again. (a) Explain what has happened during 
this experiment. (b) Is the charge on the object positive or negative? 

15. point A is 5 cm west of a particle having a charge of —2.15 x 1032C. 
What is the magnitude and direction of the electric field at A? 

16. What is the intensity and direction of the electric field at a point 10 cm 
north of a small body bearing a charge of +3.60 x 107? C? 

17. (a) What is the electric field 3 x 1079 m from an electron? (b) What is 
the force on an alpha particle at this distance from an electron? (An alpha 
particle has a positive charge twice as large as the charge on an electron.) 
18. (a) What is the electric field 3 x 107? m from an alpha particle? (An 
alpha particle has a positive charge twice as large as the charge of an electron.) 
(b) What is the force on an electron at this distance from an alpha particle? 
19. A particle with a charge of —7 x 10-7? C is 6 cm from another particle 
with a charge of —63 x 107!? C. At what point (or points) is the electric 
field zero? 

20. -A small body with a charge of +64 x 107!? C is 12 cm from another 
small body whose charge is +256 x 107!? C. At what point (or points) is the 
electric field zero? 

21. point Ais 0.10 m from point B; C is 0.08 m from B and 0.06 m from A. 
Charges of 9.60 x 107? C are at each of the three points. What is the magni- 
tude of the force on the charge at point C? 

22. What is the magnitude of the force on an electron that is 3 x 107? m 
from one alpha particle, and 4 x 107? m from another, the two alpha particles 
being 5 x 107? m apart? (See Question 18.) : 


a 5-7) 


(15-8) 


23. What is the electric potential at point 4 in Question 15? 

24. What is the electric potential at the point described in Question 16? 

25. Anelectronis 5 x 107° m from an ion whose charge is +4.8 x 107!? C. 
How much iwork is needed to remove the electron from the vicinity of the ion? 
26. An electron and an alpha particle (see Question 18) are 2.7 x 107!! m 
apart. How much energy must be expended to separate these two charged 
particles? 

27. (a) In Question 19, is there any point at which the potential is zero? 
(b) If the 7 x 1071? C charge is made positive instead of negative, is there 
now a point (or points) of zero potential on the straight line passing through 
the charges? If so, where? 

28. (a) Is there any point of zero potential in the neighborhood of the charges 
in Question 20? (b) If the 64 x 107!? C charge is made negative instead of 
positive, is there now a zero potential point (or points) on the straight line 
passing through the charges? If so, where? 


29. A charge of —3 x 10-5 C is 20 cm from.a +9 x 107? C charge. 
Point A is on the line joining the charges and is 6 cm from the negative charge; 
point B is on the same line, 3 cm from the positive charge. (a) What is the 
potential (in volts) at 4? (b) What is the potential at B? (c) What is the potential 
difference (in volts) between A and B? (d) How much work would be required 
to move a charge of —2 x 1078 C from A to B? 


30. A charge of +1077 C is 15 cm from a charge of —0.2 uC. (a) What is 
the potential (in volts) at 4, 4 cm from the positive charge, and on the line 
connecting the two charges? (b) What is the potential B, 6 cm from the negative 
charge and on the same line? (c) What is the potential difference (in volts) 
between A and B? (d) How much work (in joules) would be required to move a 
charge of +1 4C from B to A? 

31. A capacitor consists-of a pair of parallel metal plates with oil (dielec. 
const. — 2) between them and has a capacitance C. What will its capacitance 
be if we drain the oil from between them, and make their separation three 
times what it originally was? : 
32. A capacitor formed of a pair of parallel metal plates with air between 
them has a capacitance C. What will be its capacitance if the plates are brought 
to one-fourth as far apart as they were, and the space between them is filled 
with mica? 

33. A 107 !'-F capacitor is made of two flat parallel metal plates 1 cm apart. 
By connecting them to battery terminals the plates are given a potential 
difference of 100 volts, (a) What is the charge on each plate? (b) What is the 
electric field between the plates? 

34. A 6-pF capacitor consists of two flat parallel metal plates 8 mm apart. 
The plates are connected to a 90-volt battery. (a) What is the charge on each 
plate? (b) What is the electric field between the plates? 


35. The battery in Question 33 is disconnected from the plates and then the 
plates are moved to 5 mm apart. Now, (a) What is the charge on each plate? 
(b) What is the potential difference between the plates? (c) What is the electric 
field between them? 
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36. The plates of the capacitor in Question 34 are moved to 12 mm apart 
and the 90-volt battery remains connected to the plates. Now, (a) What is the 
potential difference between the plates? (b) What is the charge on each plate? 
(c) What is the electric field between them? 

37. Battery terminals are briefly connected to the plates of a capacitor, and 
are then disconnected. Does the electric field between them become stronger 
or weaker when the air separating the plates is replaced by oil? 

38. A parallel-plate capacitor remains connected to a battery. Is the charge 
on the plates increased or decreased when a sheet of glass is substituted for the 
air separating them? 

39. What is the charge on the plates of the capacitor of Question 33 when the 
]-cm space between them has been filled with oil of dielectric constant 2.0? 
(The battery remains connected.) 

40. After the battery of Question 34 is disconnected, the 8-mm space between 
the plates is filled with oil whose dielectric constant is 2.2. What, then, is the 
potential difference between the plates? 

41. A capacitor consists of two sheets of aluminum foil 3cm x 10 m, 
separated by a strip of waxed paper (diel. const. = 2.5) 0.1 mm thick. What is 
the capacitance, in pF? 

42. what is the capacitance (in zF) of a capacitor made of two metal sheets 
10 cm x 20 cm, separated by 2 mm of glass whose dielectric constant is 7.5? 


16-1 
Electric Cells 


If we connect a conductor charged with, let us say, positive electricity, 
to the ground or to a negatively charged conductor by means of a metal- 
lic wire (Fig. 16-1A), the conductor will be discharged. For a split 
second, a current of electrons will flow through the wire. The duration 
of such an electric discharge is, however, too short for convenient study, 
and it is desirable to have an arrangement that provides us with a 
steady current. This became possible after the discovery that steady 
electric current can be produced by the electric cell, invented by the Ital- 
ian physicist Allessandro Volta (1745-1827). The simplest sort of voltaic 
cell consists of two plates or rods (called electrodes) made of two different 
materials, such as carbon and zine, placed in some conducting solution 
(called an electrolyte), such as sulfuric acid (Fig. 16-1B). 

The little cells you slip into your flashlight work on the same principle, 
but the chemical reactions that take place are very complex, and best left 
to a chemistry course. They all depend, however, on the process of 
ionization. As we have seen in a previous chapter, normal atoms and 


282 
Electric Currents 


Sulfuric 
acid 


FIG. 16-1 (A) An instantaneous electric current from a charged conductor; (B) a 
continuous electric current from a chemical cell. 


molecules contain equal + and — charges, and are electrically neutral. 
If we dissolve, say, a spoon of sugar in water, the dissolved sugar mole- 
cules remain intact and electrically neutral. Salts behave differently— 
in solution, the salt molecules split into two parts, and one of these 
carries with it one or more extra electrons, leaving the other with an 
equal deficiency of electron charge. We say that salts are ionized in 
solution; that is, they split into electrically charged pieces called ions. 
Many substances—in particular, salts, acids, and bases—ionize when 
they are dissolved and produce an electrolyte, a solution containing ions 
that are free to migrate through it and thereby conduct a current of 
electric charge. 

In the zinc-carbon-and-acid cell of Fig. 16-1B, zinc metal is not soluble 
in water. In this acid electrolyte, however, some of the zinc can dissolve, 
but not as zinc atoms. Each zinc atom that goes from the metal rod into 
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Electrical 
Resistance 


the electrolyte leaves two electrons behind and dissolves as a doubly- 
charged positive zinc ion. This makes the zinc rod more and more 
negative from the extra electrons that are left behind as the zinc dissolves. 

In the meantime there is also activity at the carbon rod. As the . 
electrolyte tends to become positively charged from the presence of the 
positive zinc ions, it remains neutral by attracting electrons into solution 
from the carbon, which thereby gets a + charge. This leaves the cell as 
shown in the drawing: The zinc electrode in negative; the carbon elec- 
trode positive. 

If we connect the electrodes with a wire, electrons will flow through 
the wire from zinc to carbon, more of the zinc will go into solution to 
renew the charge, and so on, until the zinc is all dissolved. 

Any pair of dissimilar conducting materials can be put into any elec- 
trolyte and will become a cell that will convert chemical energy into 
electrical energy in a manner similar to the cell described above. These 
cells will vary widely, however, in the amount of chemical energy 
released per coulomb of charge. You will recognize this last sentence as 
another way of saying “these different cells will have different voltages," 
since “voltage” means the energy in joules per coulomb of charge. 


In dealing with the electric cell, we have spoken of the stream of electrons 
flowing along the wire connecting the positive electrode of the cell to the 
negative electrode. This electron flow, or current, could be described as 
so many electrons per second. This would require the use of enormously 
large numbers, however, and scientists have found it convenient to invent 
a special unit to describe the flow of electric charge. This unit, named for a 
French physicist and early electrical experimenter, André Ampére 
(1775-1836), is the ampere (A). One ampere is a current of one coulomb 
per second. 


1A - 1 Gys. 


Just as water flows faster through a pipe when the difference in pres- 
sure between the ends of the pipe is larger, electric current depends on 
the difference in electric potential between the ends of the wire. The 
law discovered by a German physicist, G. S. Ohm (1787-1854), states 
that for many substances, particularly metals, the electric current in a 
conductor is directly proportional to the potential difference between its 
ends. In other words, every conductor presents some resistance to the 
passage of an electric current, and to increase a current through it, 
proportionally more energy per coulomb of charge is required. On the 
basis of Ohm's law, a unit of electrical resistance has been defined and 
named the ohm. The ohm can be defined as follows: The resistance of a 
wire or other conductor is 1 ohm if a potential difference of 1 volt between its 
ends will cause a current of 1 ampere to flow through it. 
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Electrical Circuits 


In metal conductors, Ohm's law is obeyed, and the electric current 
Iis proportional to the potential difference V and inversely proportional 
to the resistance of the conductor R. Because of the way the ohm was 
defined, this relationship can be put into the very brief and convenient 
form known as Ohm's law: 


., V (volts) 
I (amperes) — Rohmad (ohms) 
or 
V (volts) = Z (amperes) x R (ohms) 
or 
R (ohms) = Y (volts) 
J (amperes) 


Ohm's law does not hold for the current through the electrolytes of 
cells, for electrical discharge through gases, for vacuum tubes, or for 
devices that use poorly conducting materials called semiconductors. 
In most electric circuits, however, the current flows through metallic 
conductors, and we will make extensive use of Ohm's law when we take 
up electrical circuits. 

Electrical conductors come in all shapes)and sizes, the most common 
being a wire, which is merely a long cylinder. A copper wire 0.1 inch in 
diameter and 1000 ft long will have a resistance of very nearly 1 ohm. 
(Q, the Greek capital letter omega, is the recognized abbreviation for the 
ohm.) Wires of the same size made of other materials will have different 
resistances. An identical wire made of silver would have a resistance of 
only 0.9 Q, and silver thus has a lower resistivity than copper.* Alu- 
minum, because of its lower cost, is being used more and more instead 
of copper wire, even though its resistivity is 1.6 times that of copper. 
As a comparison we might consider a wire (or “rod” might be a better 
term) made of glass, which is an excellent insulator. Such a rod the same 
size as the 1-Q copper wire would have resistance of 10? Q; one made of 
amber would have 3 x 10°? Q resistance. ) 

Intuition tells us that a long conductor should have more resistance 
than a short one, and that a fat, thick conductor should have less resist- 
ance than a thin, fine one. Experimental evidence shows this guess to be a 
good one: Resistance is directly proportional to the length of the conduc- 
tor and inversely proportional to its cross-sectional area. 


A simple electrical circuit has already been shown in Fig. 16-1, and 
the flow of charge through the circuit has been discussed qualitatively. 


no————————— —————— ——————— 
* During World War II, when copper was very scarce, many tons of monetary silver 


were made into heavy electrical conductors for use in industry. After the war the silver was 
of course replaced with copper and returned. 
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16-4 
Series Circuits 


A circuit must include some source of potential, or energy (in order to 
make the charge move), and a path through which the charge can 
travel. Figure 16-2 shows another electrical circuit. It contains a cell as a 
source of energy (the cell is symbolized by the pair of parallel lines to the 
left of the diagram—the accepted convention is that the longer line 
represents the positive electrode; the shorter line, the negative); a re- 
sistance of some sort (symbolized by the zigzag line R—it could be a 
heater or a light bulb); and a switch. 

The letter E by the cell stands for electromotive force (emf), which 
is not a force at all but the electric potential produced by the cell. That 
is, it is the total energy given each unit of charge as it passes through the 
cell, as a result of chemical energy being converted into electrical energy. 
It might well have been labeled V, but since the voltage of the terminals 
of the cells may be different from its emf, it is well to avoid confusion 
and reserve E for this use. If R is the total resistance of the circuit and 
E is the total emf, then the current in the circuit, by Ohm’s law, will 
be J = E/R. : 

In Fig. 16-2A the switch is “open,” and there is no complete path, or 
circuit, around which the electrons can flow. The cell can only pull 
electrons from the upper part of the circuit and push them into the lower 
part until the open contacts of the switch have the same potential differ- 
ence as the terminals of the cell. This will take only a small fraction of 
a second, and then there will be no further motion of electrons. 

The switch has been closed in Fig. 16-2B, and electrons can now flow 
around a complete circuit. The direction of electron flow will, of course, 
be from the negative terminal of the cell, where there is an excess of 
electrons, counterclockwise around the circuit to the positive cell termi- 
nal where there is a deficiency of electrons. Unfortunately for the physics 
student and his instructor, the “conventional” electric current flows in 
the opposite direction (Fig. 16-2C). This convention of considering the 
flow to be from the 4- terminal through the circuit and back to the — 
terminal was adopted more than a century before electrons were known 
to exist and is firmly established in the literature of electricity. Actually 
(on the principle that two negatives are equivalent to a positive) it 
makes no difference if we consider hypothetical positive charges moving 
in one direction, or real negative charges moving in the opposite direc- 
tion. The conventional direction has the advantage, also, that it is more 
natural to think ofa flow from high potential to low than it isto picture 
the reverse. 


Figure 16-3 shows a situation a bit more complex. Instead of a single 
cell, we have a battery of five cells connected in series. If cells, or resist- 
ances, or any other elements in a circuit are in series, it means they are con- 
nected together without side branches in such a way that the entire 
current must flow through each one. The drawing shows not only the 
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R=10Q 


FIG. 16-3 Measurement of potential difference and current in an electric circuit. 


cells, but the resistances, connected in series. If each cell has an emf 
of 2 V, it means that 2 joules of potential energy will be given to each 
coulomb of charge that flows through the cell. Hence a coulomb of 
charge, which must flow through each of the five cells in series, will be 
given 2 joules by each cell, for a total of 10. Thus the total emf of the 
battery is 10 J/C, or 10 V. 

The current passes through resistances of 2 Q, 10 Q, and 8 Q, in series, 
for a total of 20 Q. We may summarize the argument above by saying 
that when emf's or resistances are connected in series, we need only add 
them together: 

Rtotal—- XR  Etotal = Y E. 


The letters a and b represent the terminals of the battery, and the resis- 
tance R,, lying between the terminals, is the internal resistance of the 
battery. This 2-Q resistance actually occurs principally within the 
electrolyte of each of the cells, but for convenience is shown as though 
it were all gathered together in one place. For the entire circuit, then, 
we have a total emf of 10 V, a total resistance of 20 Q, and hence a 
current of 39, or 0.5 A. 

On the drawing are shown an ammeter A and a voltmeter V. We will 
not be able to discuss how they operate until later, but even without a 
knowledge of their operation some things can be said about their use. 
The voltmeter is connected to the circuit to measure the difference in 
potential between points c and d and is not concerned with how much 
current is flowing. Voltmeters are made with a very high resistance, so 
that only an insignificant trickle of current runs from c to d through the 
meter, and the original unmetered circuit is virtually unchanged. Forget- 
ting the rest of the circuit for a moment, we see that the voltmeter is 
connected to read the potential difference between the ends of a resis- 
tance through which a current of 0.5 A is flowing. By Ohm's law we 
know that this potential difference must be 


FSSR 
= 0.5 x 8 = 4.0 volts. 
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Because of the way it is figured, we can refer to the potential difference 
between the ends of a resistance through which a current flows as the 
“IR drop across the resistance.” 

Similarly, the ZR drop across R, is 0.5 x 10 — 5.0 V, across Rs 
it is 0.5 x 2 = 1.0 V. The sum of the three JR drops is 40 + 5.0 + 
1.0 = 10.0 V, which is, as it must be, the emf of the battery. The energy 
given the circulating charge is exactly equal to the energy it expends 
in heating the resistances through which it flows. 

If we were to connect the voltmeter to a and b, the battery terminals, 
it would not read the emf of the battery, but something less, because 
some of the energy given to the charge is used up within the battery 
itself. Work must be done in moving the charge through the internal 
resistance of the cell. This work, like any work done to overcome resis- 
tance, is converted into heat and lost. As we have seen, this internal ZR 
drop inside the battery is 0.5 x 2 — 1.0 V, so we would expect the 
terminal voltage to be 10.0 — 1.0 — 9.0 V. 

In a series circuit, it makes no difference where the ammeter is placed, 
because the current is the same in every part of the circuit. It is con- 
nected in a very different way from the voltmeter, however. It must itself 
be placed in series in the circuit, so all the current will pass through it. 
The ammeter must therefore have a very low resistance in order for its 
effect on the circuit to be negligible. 


We have already seen an example of a current that divides into two 
branches; in Fig. 16-3, the 8-Q resistance and the voltmeter provide 
two such branches for the main current to flow through, and are said to 
be connected in parallel. Figure 16-4A shows a circuit in which three 
resistances are connected in parallel; when the current J reaches point a, 
it divides into three separate streams, J, 72, 73, which recombine at b 


_ and return to the negative terminal of the battery. We want to compute 


the value of the one single resistance R (in Fig. 16-4B) that can be sub- 
stituted for R, and R;, and R, and still have the same current J and the 
same potential difference between a and b. 

In the arrangement shown in the drawing, the potential difference 
between a and b (or, as it is often stated, the potential across a and b) 
we shall call V. We can now write three simple equations for the separate 
branch currents: 

V V y 


g ERU (epi n US. o s 
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Turning to Fig. 16-4B, we can similarly write for the main current 
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FIG. 16-4  Resistances connected in parallel. 


It is apparent that the sum of the three branch currents must equal the 
main current: 


or 


which is the relationship we need to be able to calculate the equivalent 
resistance R from the values of the resistances connected in parallel. 
An inspection of the derivation will show that this relationship is appli- 
cable not only to three but to any number of resistances in parallel. 

Figure 16-5 shows the steps followed in simplifying a complex circuit 
into an equivalent elementary circuit containing one emf and one resis- 
tance. In general, it is a good idea to get rid of any parallel branches 
by replacing them with the single resistances to which they are equiva- 
lent. In Fig. 16-5A, we see there are two such places in the circuit. In 
the top one, 3 Q and 6 Q are in parallel. To find the single resistance 
with which they can be replaced, we write 
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FG.16-5 The simplification of a circuit containing parallel branches. 


In the bottom circle, the bottom branch consists of 5 Q and 7 Q in series; 
these can be immediately combined by simple addition, so that what we 
have is 4 Q and 12 Q in parallel. For this equivalent resistance, 


Now, in Fig. 16-5B, each of the two parallel-connected parts of the 
circuit has been replaced by its single equivalent resistance. From here 
it is easy merely to add together all these series-connected resistances, 
and arrive finally at the simplest possible circuit of Fig. 16-5C. 

(It should be noted that it is possible to have more complex circuits 
that may contain elements not unambiguously connected either in 
series or in parallel with other elements. The straightforward procedure 
used for Fig. 16-5 may not work in such cases, and a more advanced 
procedure must be used. We will not deal with such circuits in this book.) 


16-6 
Electrical Power 
and Energy 


The practical electrical units—volt, ampere, coulomb and ohm—have 
been defined in such a way as to make the calculation of work and power 
very simple. In all resistances through which a current flows, electrical 
energy is converted into heat energy. The filament of an ordinary light- 
bulb is designed to be heated white-hot by the conversion of electrical 
energy into heat; the wires leading to the bulb are also slightly warmed 
by the passage of current. In the 8-O resistance of Fig. 16-3, we have 
calculated a current of 0.5A and a potential difference of 4 V between the 
ends of the resistance. A current of 0.5 A means that 0.5 C/s travels 
through the resistance; the 4-V potential difference means that 4 J/C of 
electrical energy have been lost—in this case, converted into heat. By 
multiplying together the current in amperes and the JR drop in volts, we 
get the power in watts: 


05 C/s x 4J/C = 2J/s = 2 W. 
Tn general, 
P(watts) = J(amperes) x V (volts). 


Of course P = IV is not the only expression possible for determining 
the power in a circuit or in part of a circuit. From Ohm’s law, V = JR; 
substituting this in the equation given above, we have 


P=Ix IR= PR, 


which may be more convenient to use than P = IV. Similarly, from 
I = V/R, we can get that 


P = (VIR) x V = V?/R. 


Since power is always the rate at which energy is being used or pro- 
duced or converted into energy of another kind, the total amount of 
energy converted in some given time is simply the power multiplied by 
the time: 

Work(joules) = P(watts) x t(seconds). 


In 5 minutes, a 100-watt heater will produce 100 x 5 x 60 — 30,000 
joules, or 7180 calories, of heat. 

As an example, let us consider the circuit shown in Fig. 16-6A and 
calculate the power expended in R, and in R;. If we knew either the 
potential difference across these resistors, or the current through them, 
the job would be easy. So we should probably begin by simplifying the 
circuit to find the total current. The first step is to combine R, and R, 
for a total R3,4 = 20 Q. This branch (R, + R,) is connected in paral- 
lel with R,. The accidental fact that the drawing shows R, on the left 
side and R, + R, on the right side makes no difference; when the con- 
ventional current reaches point b, it must divide in two parts that 
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FIG. 16-6 Another example of the simplification of a circuit. 


recombine at a to flow back into the battery. This is shown in Fig. 16-6B. 
It is apparent that the next step should be to replace the parallel resis- 
tances of 5 Q and 20 Q with a single equivalent resistance: 


so R = 4 Q, as shown in Fig. 16-6C. Now, for the whole circuit, there 
is a total resistance of 6 + 4 = 10 Q and an emf of 30 V, which will 

. result in a current J = V/R = $$ = 3 A. The potential difference V,, 
is just the JR drop through the 4-Q resistor in Fig. 16-6C, or Vy, = 
3 x 4 = 12 V. Armed with this knowledge of V,,, we can turn back to 
Fig. 16-6B and determine the current through R,:/, = V,/R, = 4 = 
2.4 A. The power expended in R, can now be figured: P = VJ = 12 x 
2.4 = 28.8 W; or, if you prefer, P = I'R = (2.4)? x 5 = 28.8 W. 
Similarly, the power expended in R, can be immediately reckoned as 
PR=() x6=54W. . 

It is important to remember that the wattage marked on light bulbs 
and other electrical appliances is not an inherent property of the device 
but depends on the voltage supply to which it is connected. A 60-watt 
light bulb is also marked (usually) 120 volts; the manufacturer says, 
in effect, that if the bulb is connected to a 120-volt source of potential, 
it will convert electrical energy into heat and light at the rate of 60 
J/s. Let us figure what its wattage would be if it were connected to a 
12-volt battery. From the manufacturer’s specifications, we know that 
the light will draw 60 watts if it is connected to 120 volts. From the 
relationship P = IV, or J = P/V, we see that under these circumstances: 
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FIG. 16-018 


22. A 2-Q resistor can dissipate a maximum of 10 W without overheating. 
What is the maximum potential difference that can be applied across the 
resistor? 

23. (a) What is the resistance of a 4800-W, 240-V water heater? (b) Assuming 
the resistance to be unchanged, what would its wattage be if connected to a 
120-volt supply? 

24. (a) What is the resistance of a 40-watt, 120-volt lamp? (b) Assuming the 
resistance remains the same, find the wattage of this lamp if it is connected to 
a 90-volt potential source. 

25. Anelectromagnet is designed to operate at 30 watts from a 12-volt supply 
but the only available source of potential is 28 V. (a) If it is possible to add an 
auxiliary resistor to permit the proper operation of the magnet, how should 
this resistor be connected, and what should its resistance be? (b) What wattage 
would be dissipated by this auxiliary resistor, and what fraction is this of the 
power output of the 28-volt supply? 

26. A piece of laboratory equipment requires the use of a 6-volt, 30-watt 
lamp, but the only potential source available is 120 V. (a) Would it be possible 
to connect a resistor in such a way as to permit the proper use of the lamp? 
If so, how should the resistor be connected, and what should be its resistance, 
in ohms? (b) What fraction of the total power consumed would be wasted in 
heating the resistor? 

27. Two small 10-gallon, 120-volt water heaters are rated at 500 W and 
1000 W, respectively. These heaters are connected in series across a 120-volt 
supply. Which heater will be the first to bring its water to proper temperature? 
28. A 25-watt, 120-volt lamp and a 100-watt, 120-volt lamp are connected 
in series across 120 V. Which lamp will burn more brightly? 

29. An insulated tank holds 2 gallons of alcohol of density 0.79 g/cm?. 
(1 gallon water = 3.79 kg.) The alcohol is heated by submerging a 60-watt 
lamp in it. How long will it take to raise its temperature from 20° to 50°C? 
30. A 4500-watt water heater holds 40 gallons of water at 18°C. (1 gallon — 
3.79 kg water.) How long will it take to raise the water temperature to 75°C? 
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The ancient Chinese knew that slender pieces of certain natural iron ores, 
when suspended by a string, would assume a definite position with one 
end pointing approximately north and the other approximately south. 
It is thus apparent from the behavior of the magnetic compass that the 
earth is surrounded by a magnetic field that affects the orientation of 
lodestones and other magnets, both natural and artificial. The magnetic 
field that orients the compass needle manifests itself in many other ways; 
for example, it deflects the beams of electrically charged particles that 
come to us from the sun, thus producing the magnificent auroras often 
visible in the polar regions. 

We can use the magnetic field of the earth to magnetize steel rods 
by holding them in the direction of the magnetic field of the earth and 
hitting them repeatedly with a hammer. The violent impacts shake 
the tiny particles of the rod and orient them, at least partially, in the 
direction of the field. As a matter of fact, all steel objects posses a certain 
small degree of magnetization induced by the terrestrial magnetic field. 
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If we bring two magnetized steel rods close together, we find that 
the “homologous” ends, i.e., the ends that pointed the same way during 
the magnetization process, repel each other and that if one of the rods is 
turned around, the ends of the rods attract one another. 

This behavior shows that a long piece of magnetized material—a 
splinter of lodestone, a steel bar, or a compass needle—shows its magnetic 
properties most strongly in regions near its ends, known as the poles of the 
magnet. It also shows that like poles, i.e., poles that point toward the 
same direction, repel each other and that unlike poles attract. The use 
of magnets as compasses has given these two sorts of magnetic pole their 
names: The end that swings toward the geographic north is the north 
pole of the magnet; the other end, pointing in a southerly direction, is 
called the south pole of the magnet. It is interesting to notice (in view 
of the definitions above and in consideration of the fact that unlike 
magnetic poles attract) that the magnetic pole of the earth located near 
its geographical north pole is actually its magnetic south pole, and vice 
versa. 

The magnetic field around a magnet can be represented by drawing 
(or imagining) lines, in very much the same way that we represented 
the electric field in the neighborhood of charged particles. The direction 
of the magnetic field at any point is shown by the orientation of a small 
compass needle placed at the point; the magnetic lines of force drawn 
in this way will be pointed in the same direction as the north pole of the 
compass needle, as indicated by the arrows in Fig. 17-1. 

Figure 17-2 indicates in a very crude, sketchy manner the idea that 
magnetic materials are made of atomic particles that are themselves 
small magnets. In a piece of unmagnetized iron or steel, these particles 
point equally in all directions (Fig. 17-2A). When the iron or steel is 


FIG. 17-1 The magnetic field of a bar magnet. 


FIG. 17-2 Schematic diagram of alignment of atoms (A) in an unmagnetized bar; (B) in 
& magnetized bar; (C) in a magnetized bar that has been broken. 


strongly magnetized, all the atomic magnets are lined up in substantially 
the same direction (Fig. 17-2B). In soft iron, the atomic magnets line 
up very readily when the iron is placed in a magnetic field. If a magnet 
is covered by a piece of paper or glass, and iron filings are sprinkled on 
the paper, each filing becomes an induced magnet and aligns itself in the 
direction of the field (Fig. 17-3). Since soft iron magnetizes readily, it 
also readily loses its magnetism. When it is removed from the magnetic 
field, the atomic magnets are immediately again thrown into completely 
random alignment by the jostling of their neighbors. 

In hard steel, however, and to an even greater extent in certain special 
alloys, the atomic magnets, when once aligned, remain aligned until 
the steel is heated to high temperatures. Permanent magnets are thus 
made of such materials. Conversely, it requires a strong field to mag- 
netize these materials. In a weak field, as mentioned above, they must 
be jarred by hammering to permit the atomic magnets to slip into align- 
ment. 

It is important to remember that, unlike positive and negative charges, 
magnetic poles must always occur in pairs, and that it is impossible to cut a 
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(A) (B) 
FIG. 17-3 Iron filings indicating the magnetic field of a pair of bar magnets beneath a 


sheet of paper. (A) Magnets with like poles opposite each other. (B) Magnets with unlike 
poles opposite. (University of Colorado photograph.) 


north or south pole from a magnet and carry it away. If we cut a magnet 
into two pieces, we will get two smaller magnets, since a new pair of 
poles will originate at the broken ends. On the basis of the atomic 
magnetic picture, it is plain to see why north and south poles cannot be 
separated by breaking a magnet in two. Figure 17-2C indicates the 
formation of the new pair of poles where the magnet has been broken. 


The invention of the electric cell and battery, which made it possible to 
have a continuous flow of electricity, led to the study of various interac- 
tions between electric currents and magnets. (Stationary electric charges 
do not interact with magnets at all.) There are several basic laws 
governing these interactions, all of them discovered early in the nine- 
teenth century. In the year 1820, a Danish physicist, H. C. Oersted 
(1777-1851), noticed that an electric current flowing through a wire 
deflects a magnetic needle placed in its neighborhood in such a way that 
the needle assumes a position perpendicular to the plane passing through 
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FIG. 17-4 The orientation of magnets (compass needles) in the neighborhood of an 
electric current. The direction in which the horth pole of the needle will point can be 
found by the following rule: Hold the wire in your right hand, so that the thumb points 
in the direction of the conventional current; the fingers then point in the direction of the 
needle's north pole, and hence also of the magnetic field. 


the wire and through the center of the needle (Fig. 17-4). In other words, 
the magnetic field surrounding a current-carrying wire is in a direction 
perpendicular to the wire, and the magnetic lines of force representing 
the field will be concentric circles surrounding the wire. Oersted's 
discovery was followed up by two French physicists, J. B. Biot (1774— 
1862) and Félix Savart (1791-1841), who made Oersted's discovery 
quantitative by finding that the strength of the magnetic field (H) 
created by a current (I) is directly proportional to the strength of the 
current and inversely proportional to the distance from the. wire (d). In 
the: system of units we have been using, for a long straight wire (Fig. 
17-5A), 
_ I (amperes) 
2nd (meters) - 


Thus magnetic field strength is seen to be measured in units of amperes 


per meter. 
For a single circular loop of wire of radius r m (Fig. 17-5B), the field 
at the center is : 


_ 1 (amperes) 
i 2r (meters) : 
FIG. 17-5 Magnetic At first glance, it seems that the causes of the magnetic field observed 


fields prod d E å, A 
currens: ucee by electi around a bar magnet and of the identical sort of magnetic field around 
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17-3 
Force on a 
Moving Charge 


a current-carrying wire must be entirely different. We can see no current 
flowing in a bar magnet; it is not connected to a battery or any other 
source of electric potential, and it can lie on a shelf for decades, quietly 
maintaining its same field all the while. 

Shortly after Oersted’s discovery in 1820, André Ampére suggested 
that in spite of appearances, the causes might actually be the same. He 
imagined that there might be tiny circulating electric charges within 
atoms themselves, so that each atom could contain loops of current and 
therefore itself be a miniature magnet. If this were true, the bar magnet 
could be explained as the result of the alignment of the atomic electro- 
magnets. This was an inspired guess on Ampére's part, as almost nothing 
was known about the structure of atoms at that time. We know now that 
he was fundamentally correct, the only difference being that the field 
of a bar magnet arises mostly from the spin of its electrons on their axes 
rather than from their circulation in orbits. But this is a small detail 
that should not detract from Ampére's credit for the basic idea. 

Since the spinning electrons in an atom may be considered to be tiny 
circulating currents, it is easy to visualize how an atom can actually 
be a small magnet. This is especially true of some atoms such as those of 
iron, in which there are more electrons spinning in one direction than 
in the other. 


We mentioned before that a magnet and a stationary electric charge do 
not have any effect on each other. A charged pith ball and a strongly 
magnetized compass needle will completely ignore one another. An 
electric current, however, is nothing more than a stream of moving 
charges; and we have seen that these moving charges create a magnetic 
field whose direction is at right angles to the direction of the current. 
It should therefore not be too surprising to find that a charge that is 
moving in a magnetic field experiences a force, and that the force is 
at right angles to both the velocity of the charge and the direction of the 
field. 

Figure 17-6 shows how the direction of the force on the moving 
charge can be predicted. It shows a right hand held flat, the thumb 
extended at right angles to the other fingers. Orient the hand so the 
fingers point in the direction of the magnetic field; now turn the hand 
(keeping the fingers still pointed in the field direction) so the thumb 
points in the direction the positive charge is moving. (If the moving charge 
is negative, one needs only point the thumb in a direction opposite its 
velocity—a negative charge moving, say, to the left is exactly equivalent 
to a positive charge moving to. the right.) The direction in which you 
would now push forward with the palm of your hand is the direction 
in which the magnetic field pushes against the moving charge. 

The magnitude of this force is 


F = quuH 
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FIG. 17-6 Right-hand rule for determining the relationship between the direction of a 
magnetic field, the velocity of a charged particle moving through it, and the resulting force 
on the particle. 


with F measured in newtons; q in coulombs; v, the component of the 
velocity perpendicular to the field, in meters per second; and H in 
amperes per meter. 

The symbol 4 (the Greek lowercase letter mu) needs some explaining. 
In the equation above, we have arbitrarily chosen the units of F, q, v, and 
H to be those with which we were already familiar in many other applica- 
tions. In order to reconcile all these units, a proper numerical constant ' 
is needed. It is as though we had decided to state Newton's second law 
with force measured in pounds, mass in grams, and acceleration in 
meters/second?. If we want to use these units, we cannot write F = ma 
but must insert the proper conversion factor so that the equation reads 
F = 224 x 107* ma. 

The factor 4 is called the permeability of the material in which the mag- 
netic field is located. In a vacuum (or in air, which for most practical 
purposes is magnetically the same), 


p= 4n x 1077 = 12.57 x 1077. 


The product „H finds much more use than does H alone; because 
it appears so frequently, it is given its own private symbol: pH = B, 
which has the name magnetic flux density or magnetic induction and is 
measured in units of webers per square meter, which we will discuss in the 
next section. Using this symbol B, the expression for the force on a 
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charged particle moving in a magnetic field can be written in the follow- 
ing simpler form: « 


F = Bgv. 


As an example of the force exerted on a moving charge, imagine an 
alpha particle (charge +3.20 x 107!* C) 3.0 cm from a long, straight 
wire, traveling with a velocity of 6 -x 10° m/s parallel to the wire. The 
wire carries a current of 20 A, which flows in the same direction in which 
the a particle is traveling. What is the force on the particle? (See Fig. 
17-7.) We can first find the magnetic field H at a distance of 3 cm, or 
0.03 m, from the wire: 


n= = 20 


= 106 A/m. 
2nd 2x x 0,03 


Since the field is in air, the magnetic induction B is 12.57 x 107 x H= 
1.33 x 107* weber/m?. It will not be necessary to calculate the com- 
ponent of the velocity perpendicular to the field, because in this problem 
the velocity itself is perpendicular to the field, and we find F = quB = 
320 x 1071? x 6 x 10° x 1.33 x 1074 = 2.55 x 107!" N. The di- 
rection of the force (use Fig. 17-6) is directly in toward the wire. Since 
this hand rule is designed to use the velocity of a positive charge, we 


FIG. 17-7 Force on an alpha particle moving in the magnetic field of a current-carrying 
conductor. 


Current I= 20 amp 


Velocity v = 6 X 105 m/sec 


v 


q=+ 3.20 X 107? coul 


DON, 
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17-4 In the preceding section, B has been measured in webers/square meter, 

Magnetic Flux which serves to introduce the concept of magnetic flux. If we want only 
to show the direction of the field around a magnet or a system of electric 
currents by sketching the lines of force, there is no law that says how 
many or how few should be drawn. The concept of lines of force, how- 
ever, can be made more useful if the. lines are made to have a quantitative — . 
meaning, in addition to showing merely the direction of the field. To 
do this, we may put in exactly enough lines so that wherever we want to 
draw (or, better, imagine) a square meter with its plane perpendicular — 
to the field, the number of lines passing through the square meter ises » 
exactly equal to the numerical value of B.at that location. Thus B is ` 
represented as so many lines per square meter. Where the lines are far 
apart, the field is weak; where the lines are closer together, the field is 
stronger (see Fig. 17-1). 

Suppose that there is a large barn door facing north and that we have 
imagined the earth’s magnetic field to have been indicated by lines 
drawn as described in the preceding paragraph. We can then count 
the number of lines passing through the barn door and say that 
so many webers of magnetic flux pass through the door. As we have 
drawn them, each line represents one weber (named for a nineteenth- 
century physicist) of magnetic flux. The magnetic induction B is accord- 
ingly measured in units of webers/m? and is often quite logically called 
the flux density. The symbol ® (the Greek capital letter phi) is generally 
used to represent flux. If we have some area A (for simplicity taken + 
perpendicular to the field) through which a total flux of ® passes, then 
the average flux density within the area is B = ©/A webers/m?. Con- 
versely, an area A perpendicular to a given magnetic induction Bis cut by 
® = AB webers of flux. 


17-5 If a current-carrying wire is wound in the form of a helix (Fig. 17-8A), 

Solenoids and it is called a solenoid and can be considered as a large number N of single 

Electromagnetism turns of wire connected in series. It can be shown (with calculus, again!) 
that the field at the center of a solenoid / meters long is given by 


Bie 
l 


and the flux density or magnetic induction is, of course, 
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N turns of wire 


Iron core of high u. 


FrG. 17:8 A simple solenoid, and one form of electromagnet. 


The flux density can be increased by increasing the current I or by 
increasing N/l, the number of turns per meter, or by increasing 4. 

It is easy to see how one might change the current in a coil or rewind 
it to change its N//; but how does one go about changing 4? The permea- 
bility factor p not only takes into account the conversion of units but 
also the effect of the material in which the field is established. Suppose, 
for example, a cylinder of iron were slipped inside the coils of the sole- 
noid in Fig. 17-8A. When the current is turned on, the field established 
by the current will at least partially align the atomic magnets of the iron 
to point with the field, so thàt each one contributes a little extra flux 
in the same direction. The end result of all these atomic contributions is 
that we may expect to have more flux, and a higher flux density B, 
with the iron core than without it. The relative permeability—that is, 
material vacuus — Can be as high as several thousand for some iron alloys 
and several hundred thousand for other specially manufactured mag- 
netic materials. 

Such materials, which markedly increase the flux density, are called 
ferromagnetic; this group, besides iron and many special alloys, also 
includes the elements cobalt and nickel. For most materials, however, 
the relative permeability is very nearly 1. Some (like bismuth, relative 
permeability 0.99983) are diamagnetic and make the flux weaker; others 
(aluminum, relative permeability 1.00002) are paramagnetic and con- 
tribute very weakly. k 

Electromagnets are nearly always wound on a ferromagnetic core. 
With many turns of wire, which are sometimes water-cooled to permit 
them to carry a high current without overheating, a high flux density 
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Diameter £ meters = length of wire in field 


Conventional 
current 
Lamp 


A B 


FIG. 17-9 A current-carrying wire in a magnetic field. 


can be established. The electromagnet in Fig. 17-8B is merely a solenoid 
bent into a C, its winding being in two parts. 


Suppose we place a current-carrying wire in a strong magnetic field, 
such as the air gap of the electromagnet shown in Fig. 17-8B. Figure 
17-9A shows a wire in such a field. It carries a current as shown; since 
a current consists of moving charges, a force must be exerted on them 
as they pass through the field. The direction of this force can easily 
be determined by applying the right-hand rule of Fig. 17-6. The current 
shown is of course actually a flow of electrons from right to left; this is 
equivalent to a flow of positive charges from left to right in the direction 
given for the conventional current. As indicated in Fig. 17-9B, the force 
is directed away from the observer. The force is actually on the moving 
charges, but since they are confined within the wire, we can expect 
that the wire itself will experience a force away from the observer, 
into the paper. 

We know how to calculate the magnitude of the force on a single 
moving charge, so how can this knowledge be applied to the case of a 
wire carrying a continuous stream of charges equal to 7 A? Let us write 
the expression for the force on a moving charge: 


F — qvB. 
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Dimensionally, this equation is 


coulombs x meters x webers 


newtons — A 
second x meter 


Absolutely nothing is changed if we quietly move the “second” in the 
denominator until it is under the “coulombs” : 


coulombs x meters x webers 


newtons = i 
second x meter’ 


Since a coulomb per second is an ampere, which measures current, the 
equation becomes 
F = IIB 


where I is the length of wire in the magnetic field. In the original equa- 


tion, v was the component of velocity perpendicular to the field; in the 
equation above, / must therefore be interpreted as the component of 
the length perpendicular to the field. 

Let us make a numerical example of Fig. 17-9: the diameter of the 
magnet poles is 20 cm and the flux density between them is 1.65 webers/ 
m?. The wire passes through the center of the field (which means that 
20 cm, or 0.20 m, of the wire is in the field) and is perpendicular te it. 
The current is 30 A. For the force exerted on the wire, 


F = JIB = 30 x 0.20 x 1.65 = 9.90 N. 


(We have already determined that the force will be into the paper.) 


One way in which the above force is utilized is in the construction 
of electric meters of many kinds. The galvanometer, besides being an 
important instrument itself, is the actual working element in most volt- 
meters and ammeters. There are many kinds of galvanometers, which 
are designed to measure very small currents and potential differences, 
but the most common is the d’Arsonval type, in which a very light coil 
of wire is pivoted in a strong magnetic field (Fig. 17-10). 

The direction of the magnetic field, which is defined as the direction 
in which the north pole of a compass needle would point, always must 
run from the north pole: of a magnet to the south pole, which, in Fig. 
17-10, is from left to right. Applying the right-hand rule, we see that the 
wires of the coil from A to B experience a force toward the reader, out 
from the plane of the page; the wires from C to D are thrust away from 
the reader into the page. These forces cause a torque that rotates the 
coil about its central axis /-J against the restraining torque of a small 
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FIG. 17-10 A moving-coil, or D'Arsonval type, galvanometer. 


spring not shown in the drawing. The rotating torque is proportional to 
the current in the coil; hence the greater the current, the greater the 
angle through which the coil is rotated. In many meters, an indicating 
needle is attached directly to the coil, but for very sensitive galvano- 
meters a beam of light reflected from a tiny mirror is used instead. Some 
d'Arsonval galvanometers can indicate currents as small as 107 !? A. 
(There are other more complicated types of currént-measuring devices 
that will give a reading for 107 !7 A!) 

Even the coarsest, most insensitive galvanometer is not adapted to 
measure large currents or high voltages. If it were so designed, the gal- 
vanometer coil itself would add too much resistance when put in series 
in a circuit as an ammeter and would change the very current it was 
intended to measure. On the other hand, if it were used directly as a 
voltmeter, the coil resistance would be so low that considerable current 
would flow through the galvanometer, thereby changing the ZR drop 
it was supposed to measure accurately. 

These difficulties can be avoided by using a relatively sensitive- gal- 
vanometer connected to properly chosen auxiliary resistances. Figure 
17-11A shows a high resistance connected in series with a galvanometer. 
Let us say that the galvanometer coil has a resistance of 50 Q and that 
a current of 0.01 A will cause the needle to make a full-scale deflec- 
tion. What resistance must we put in series with this galvanometer to 
convert it into a voltmeter that will deflect full scale for 10 volts? This 
means that when there is a 10-volt potential difference between the 
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an ammeter. 


meter terminals, 0.01 A must flow through the coil. Ohm’s law gives the 
required total resistance of the voltmeter: 


Of this 1000 Q, 50 Q are already supplied by the galvanometer coil itself, 
leaving 950 Q for the added series resistance. 

To make the galvanometer into a 5-A ammeter, i.e., one that deflects 
full scale for a total current of 5 A, we must provide a shunt, or low- 
resistance path in parallel with the galvanometer (Fig. 17-11B). Of the 
total 5 A, 0.01 A must flow through the galvanometer and the remaining 
4.99 A must go through the shunt. Since the two parallel paths are 
connected to the same terminals, the potential difference (which is the 
IR drop) across each is the same, and we can say 


ERs = IcR 
or 
499R, = 0.01 x 50 
R; = 0.1002 Q. 


All the common types of electric motor also operate on this same 


` principle—that a current-carrying conductor in a magnetic field receives 
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a thrust perpendicular to both the field and the current in the direction 
given by the right-hand rule. In all motors except some special kinds and 
some toy motors, the magnetic fields are provided by electromagnets. 


So far we have been talking about the interaction between currents 
and magnetic fields. What about the interaction between two currents? 
This was first studied by Ampére, who showed that two wires carrying 
electric currents flowing in the same direction are attracted to oné 


, another, while currents flowing in opposite directions repel each cther 
(Fig. 17-12). This rule for the interaction between currents can be shown 


to follow from the behavior of current-carrying conductors in magnetic 
fields. Each wire is in the magnetic field of the other wire; each experi- 
ences a force that pulls them apart or pushes them together, depending 


-on the direction of their currents. 


- As an example, take two long, straight parallel wires M and N, 
separated by a distance a m (Fig. 17-13). Let us calculate the force 
experienced by N as a result of its being in the magnetic field of M. At am 


‘from M, the intensity of the magnetic field caused by Jy is 


iem 
Ha d p= 123 x 10 Xd. 
2na 2na 


We cannot determine the-total resultant force on N, because it is in- 
definitely long, but for a 1-m length (/ = 1) of N, the force given by — 


F = Bh 
becomes 


F = 12,57 x 10-7 x Min, 
2ra 


FIG; 17-12 The forces acting on two parallel current-carrying wires. 
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Magnetic field of Iu is 
concentric about the wire M 


The current I is in 
the magnetic field 
of Iu 


FIG. 17-13 A current-carrying wire in the magnetic field of another parallel current- 
carrying wire. (M is also in the magnetic field of N; this has been omitted to avoid com- 
plicating the drawing.) 


The right-hand rule shows that this force on N is in a direction to pull 
it in toward M. 

From Newton's third law, we know in advance that if M exerts the 
above force on N by means of M's magnetic field, then N must exert 
an exactly equal and opposite force on M. A short calculation will 
convince you that this is indeed true. 

If the two currents flow in opposite directions, the magnitude of the 
force will remain the same, but the right-hand rule tells us that in this 
case the conductors will repel each other. 

As an example of the application of the formula worked out above 
(known as Ampére’s law), let us consider two parallel wires 50 cm long 
in a large electric motor. These wires are separated by a distance of 
1 cm, and the insulation between them, being almost perfectly non- 
magnetic, has the same permeability as air. A short circuit develops 
in the motor, with the result that a sudden current of 5000 A flows 
through the two wires (a short circuit is the formation of a very low 
resistance path for current, generally due to mechanical damage to 
insulation). What force will tend to pull the wires apart, assuming that 
the currents run in opposite directions? A direct substitution of numer- 
ical values in Ampére's law gives 


F21251 x 10-7 x hh 
2na 


s: 12.57 x 1077 x 5000 x 5000 
2x x 0.01 


= 500 N/m. 


311 
Magnetism 


17-9 
Generation of 
Electric Currents 


Since the length of the wires is 50 cm, or 0.5 m, the force on each wire 
will be 250 N. A newton is equal to a force of about a quarter of a 
pound, so the wires willbe shoved apart by a force of more than 60 Ib. 


We have seen that if a wire carrying current is placed in a magnetic 
field, a force acts on the wire and will move it if it is not fastened in place. 
In 1831, it occurred to the great British experimental physicist and chem- 
ist Michael Faraday, and independently to the American physicist 
Joseph Henry, that a converse effect should also be observable. That is, 
if a conductor is moved in a magnetic field, a current should be generated 
in the conductor. Both men observed that this actually did happen. 

Let us arrange an apparatus as shown in Fig. 17-14. It consists of a 
pair of parallel bare conductors spaced / m apart in a magnetic field of 
flux density B. Across these is placed another bare conductor making 
contact with the two parallel wires. A galvanometer is connected to 
the parallels to complete an electrical circuit and to indicate any cur- 
rent that flows. Now, if the crosswire is moved to the left, the galvano- 
meter needle will deflect in one direction; when the crosswire is moved 
to the right, the galvanometer deflects in the opposite direction. 

Suppose the crosswire is moved to the left a distance of As m in 


FIG. 17-14 Inducing a current in an electric circuit. 
, 
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a time At; the galvanometer will show us that a current flows in the cir- 
cuit. A current does not flow unless there is an emf in the circuit; so ap- 
parently a potential difference e has been created in the moving wire. 
Any electric current expends energy while flowing, and the principle 
of conservation of energy tells us that this electric energy must be supplied 
by the work we do in moving the crosswire. Assume (ignoring friction 
and the inertia of the wire) that a force F is required to move the wire; 
the work done in moving it a distance As is equal to F As. 

The force F is evidently needed because there is a current J flowing 


through the / m of the crosswire, and the crosswire is in a magnetic 


field. In the previous section, we found that a force F = Bil would be 
exerted on the wire; this is the opposing force we must overcome to 
move the wire, and thus the work done can be expressed as 


W = FAs = Bil As. 


In Fig. 17-14 there is a complete electrical circuit that encloses a 
certain amount of magnetic flux. Now as the crosswire is moved to the 
left, the area of the circuit is reduced and it accordingly encloses less 
flux. The circuit area’ is reduced by / As m? and as a result it encloses 
Bl As webers less flux than it did; that is, AD = BI As webers. 

Thus the work done in moving the wire is 


W = BII As = I ^o. 


All that remains to be done now is to divide both sides of this equation 
by the time At: 


We recognize W/At, work per unit time, as being power, which in an 
electrical circuit equals the potential times the current. The substitu- 
tion of eI for W/At gives 


[1.149 
At 
or 
Ao 
e=—. 
At 


This equation gives the relationship we have been working toward. 
It says that whenever the magnetic flux enclosed by a circuit changes, 


_ a potential equal to the rate of change of the flux is generated. (Assum- 


ing, naturally, that our units are correct, potential will be in volts and 
tate of change of flux in webers per second.) 


gr 
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A rearrangement gives us another statement that is often useful. 
Power is also given as force times velocity; that is, 


P= Fv 
or 

Te = Bilv 
from which 

e — Bh. 


The direction of the emf and the resulting current can be determined 
by a special application of the rule of Fig. 17-6. In Fig. 17-14, when the 
crosswire is moved to the left, the hypothetical + charges of the con- 
ventional notation are forcibly carried along with the rest of the wire, 
thus constituting a current to the left. The right-hand rule of Fig. 17-6 
shows that these charges will experience a force driving them out of the 
paper toward the hand holding the crosswire, thus driving the current 
in a clockwise circuit through the galvanometer. 4 

In science, there is a very general principle known as the principle of 
Le Chatelier. Yt states that whenever we undertake any action to change 
an existing physical system, the system reacts in such a way as to oppose 
our action. Reflection will show that this principle necessarily follows if 
we are to have conservation of energy; otherwise perpetual motion 
machines would be a dime a dozen, and we would be able to create 
unlimited amounts of energy from any small starting push. Le Chatelier’s 
principle, when applied to the interactions of currents and magnetic. 
fields, is known as Lenz’s law. Applying Lenz’s law to Fig. 17-14, we 
see that the induced current in the crosswire must flow in such a direc- 
tion that its reaction with the magnetic field will produce a force acting 
to the right, opposing the motion of the wire..Our rule shows that the 
current must flow through the crosswire toward the hand, in the same 
direction that we had already concluded from a different line of rea- 
soning. 

Figure 17-15A shows a coil of 100 turns of wire wound on a circular 
frame 20 cm in diameter. The plane of the coil is parallel to the earth’s 
magnetic field, which has a flux density of 0.5 gauss. (The gauss is a very 
commonly used unit for the measurement of flux density. It is derived 
from the CGS system, and 1 gauss = 1074 weber[m?.) The coil is 
pivoted on an axis OO, perpendicular to the field. If the coil is rotated 
through 90° about OO in 0.2 s, what average voltage will be generated? 
As the coil is first oriented, no flux passes through it; after 90° rotation, 
the flux will pass through the entire area within the coil. This area is 
zr? = 0.0314 m?, and the flux density of the field is 0.5 gauss, or 5 x 
1075 weber/m?. Therefore, for each turn of the coil, the enclosed flux will . 
change from zero to 0.0314 x 5 x 107? = 1.57 x 1076 weber. This 
change takes place in 0.2 s, so the induced emf will be A®/At = 1.57 x 


FIG. 17-15 Examples of emf induced in conductors moving in a magnetic field. 


1076/0.2 = 7.85 x 107 V. This emf is induced in each one of the 
100-turns; hence the total average voltage will be 7.85 x 107* V, or 
0.785 mV. 

Another example is given in Fig. 17-15B. A single wire AB is drawn 
through the air gap of a magnet at a speed of 1 cm/s. The magnet poles 
measure 5 cm x 5 cm, and the voltage induced while AB is passing 
between the poles is 0.05 mV. To find the flux density in the air gap, it 
will be convenient to use e = Blv, which gives us 


5 x 1075 = B x 5 x 107? x 107? 
or 
B = 0.1 weber/m? 


= 1000 gauss. 


(In checking the equation above against the given data, remember that 
everything had to be converted from centimeters to meters.) 
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In deriving the relationships 
ex and e — Bl 


we used a complete circuit through which a steady current could flow. 
However, the formulas for induced potential that we derived in this 
way still hold, even if there is no complete circuit. A single length of 
conductor moved across a magnetic field will have induced in it the 
same potential as calculated from the equations above; but since there 
is no closed path through which it can drive a current, the only effect 
can be to drive electrons (or hypothetical + charges) to one end or the 
other of the moving conductor. The result will be that this potential 
difference will exist between the ends of the conductor. 


So far all our discussion has been about electric currents that run 
steadily and smoothly in one direction; however, some very important 
consequences come from currents that stop and start and change direc- 
tion. Before we investigate these changing currents, it will be helpful 
to take another look at the equation e = A®/Ar. 

Although this equation was derived by considering a conductor mov- 
ing in a magnetic field, the equation holds for any situation in which the 
flux enclosed by a circuit changes. Figure 17-16 shows examples. In 
Fig. 17-16A, the coil connected to the galvanometer is cut by very little 
flux; while the magnet is being moved toward it (Fig. 17-16B), the flux 
passing through the coil is increasing, as is apparent from the fact that 
the lines of force are closer together closer to the magnet. With increasing 
flux, the meter needle is deflected to the right. In Fig. 17-16C the magnet 
is stationary, and although considerable flux passes through the Coil, it 
is no longer changing, and the galvanometer reads zero. If the magnet 
were withdrawn, the flux would reduce, and the galvanometer would 
deflect to the left. If this whole experiment were repeated, with the magnet 
turned so its south pole were nearer the coil, the galvanometer deflections 
would be reversed in direction. 

In Fig. 17-16D, the galvanometer coil is placed near another coil 
connected to a battery, but the switch is open and there is no current 
and no flux. In Fig. 17-16E, the switch has been closed; in a tiny fraction 
of a second, the current and the flux increase to their maximum. During 
this brief period of growing flux, the needle swings over and immediately 
returns to zero when the flux has reached its maximum and stops chang- 
ing. The switch has been opened again in Fig. 17-16F; the current and 
flux drop to zero; and as the flux rapidly decreases, the needle takes a 
brief swing, this time to the left. Lenz's law tells us that in the case of the 
increasing flux (Fig. 17-16D and E), the induced current will flow in the 
direction that will make a flux opposed to that of the battery-connected 
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the iron is much greater than that of air, so the induced flux is greater; 
and the galvanometer needle takes a larger swing. 

All the discussion above seems a long way from the generation and 
distribution of the alternating current that is used in nearly all our 
homes, offices, and factories. It does, however, emphasize the principle 
that whenever the flux within a coil changes, an emf is induced in the 
coil, and a current will flow if the coil is a part of a complete circuit. 
It is this principle that makes the transformer possible, and without 
the transformer, our present wide distribution of cheap electric power 
would not be possible. 


A simple transformer is shown in Fig. 17-17. It contains a core, generally 
rectangular in shape, made up of sheets of soft iron that magnetizes 


readily and immediately loses its magnetism when the magnetizing 


force is removed. On the core are wound two coils, called the primary 
(P) and the secondary (S). There is no fundamental difference between 
primary and secondary—whichever coil is supplied with power from the 
outside is called the primary, and the coil that supplies the output or 
the transformer is the secondary..A transformer can be connected either 
way, depending on the use to which it is to be put. 

- If (in Fig. 17-17) the primary is connected to a battery, current will 
begin to flow in P, and it will produce a magnetic flux. The coil is 
wound on a core of high permeability, Which means that the flux is 
provided with something analogous to a low-resistance path for an elec- 
tric circuit. Instead of much of the flux going into the surrounding air, 


FIG. 17-17 Primary and secondary windings of a simple transformer. 


A-C Voltmeter 
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FIG. 17-18 Graph of the changes in an alternating current. 


as in Fig. 17-16D, E, and F, almost all the flux will stay within the core 


‘and hence also pass through the windings of the secondary. A meter 


connected to S would show a large deflection whenever a battery was 
connected to, or disconnected from, P. It is not necessary, however, that 


.. the primary be suddenly connected or disconnected; the emf induced in 


the secondary depends on the rate of change of the flux, and if the pri- 


mary current undergoes regular periodic changes, so will the flux, and so 


will the secondary current. 

Almost all the residential, commercial, and industrial current in the 
world today is alternating current (ac). This is current that reverses its 
direction smoothly and regularly many times a second. If you were to 


` analyze* the current flowing through the light bulb in your desk lamp, 


it would be found to fluctuate in magnitude, and change in direction 
as shown i in the graph of Fig. 17-18. Starting at some instant when the 
current is o, it rises to a maximum and then falls to zero and begins 
flowing i in the py direction, to reach a maximum again and to fall 
O Zero ag d so on. These described changes constitute one cycle, 


“and in the a States d; s is required so that the frequency is 60 cycles/ 


second. The smooth rise ^e fall of the current (and also of the applied 
potential) follows a sinusoidal, or sine curve. The graph is the same 
shape as the sinusoidal transverse wave shown in Fig. 8-5A, generated 
by a source moving in simple harmonic motion. 


* This could not be done with a regular ammeter, which could not follow the rapid 
fluctuations—nor would you be able to follow its motion if it did. An oscilloscope, however, 
a cousin of the TV tube, has a beam of electrons as its only moving part and is able to draw 
an accurate graph of rapidly and regularly changing currents or potentials. 
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Your desk lamp is probably plugged into a standard ‘120-volt ac 
outlet. If you were to analyze the changing potential difference of this 
outlet with an oscilloscope, you would of course find its graph to be of 
the same sinusoidal shape as the current graph. But you would find 
the potential difference would rise to a maximum of 170 volts first in 
one direction and then in the other. This maximum value has been set 
by the power company because it results (over one or many cycles) 
in exactly the same heating effect as though a steady direct potential 
of 120 volts had been applied to a lamp or an iron or a heater. 

Meters designed for use on alternating current are always calibrated 
to read the equivalent steady direct-current values of J or V, and loads 
and ratings are always given in these same terms. 

The sinusoidally varying current Jp in the primary of a transformer 
causes a sinusoidally varying flux in the core, as shown in Fig. 17-19. 
At point A the flux is increasing at its maximum rate, and the maximum 
emf, at a, will be induced in the secondary. At B, the flux is maximum 
but at this instant is not changing at all (the flux curve is horizontal), 
so the induced emf at b is zero. As the flux decreases from B to C to D, 
a secondary emf is induced in the opposite direction. Calculus could 
show that the graph of the slope, or rate of change, of a sine curve is also 
a sine curve, so if we supply a sinusoidally varying input to the primary 
of a transformer, the output of the secondary will also be sinusoidal. 

Each turn of the secondary coil will have induced in it the same emf 
as every other turn. Since all the turns are, in effect, connected in series, 


FIG. 17-19 The induction of an alternating secondary emf by an alternating flux in the 
transformer core. 
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the total emf will be proportional to the number of turns, and the second- 
ary voltage can be made (within certain practical limits) as large or as 
small as desired by designing the transformer so it has the proper num- 
ber of turns. The relationship between the primary and secondary volt- 
ages and the number of turns on the primary and secondary windings 
js very simple: $ 

Vs MN 

Ve N 


One should not assume that the transformer is a slick way of getting 
something for nothing! Even though the secondary voltage can be made 
much higher than the input voltage to the primary, the transformer is a 
remarkable device that automatically regulates the primary current 
in such a way that the power supplied to the primary is always equal 
to the power taken from the secondary (plus a small fraction more to 
make up for the inescapable heating losses). In other words, if the sec- 
ondary voltage is 10 times the primary voltage, the transformer will see 
to it that the primary current is 10 times the secondary current, so that 
the input and output powers remain equal. 

The ability of the transformer to change voltage is of enormous prac- 
tical importance. Let us take as an example a generating plant producing 
electricity at 2300 volts. The plant must supply 4600 kilowatts or kW, 
to a nearby town over lines that have a total resistance of 5 Q. To deliver 
4,600,000 watts at 2300 volts would require a current of 2000 amperes, 
and the power used to heat the transmission wires, 7/?R, would be 
20,000,000 watts! Obviously, this is a very impractical thing to try to do, 
but engineers can solve the problem by installing transformers to raise the 
voltage from 2300 to, say, 69,000 volts. To transmit 4.6 x 10° W at 
69,000 V would require a current of only 67 A, and the 7?R losses 
in the transmission line would be reduced to 22,400 W. This loss would 
be less than 0.5 percent of the delivered power, and would be quite eco- 
nomical. 

Tn the city, the voltage could be reduced to 2300 for distribution, and 
every block would have several small transformers to reduce the voltage 
still further to a less dangerous 120 or 240 volts for use in homes and 
offices. . 


Questions 


1- What is the value of H at a point 15 cm from a 200-A current flowing m a 


long straight wire? 


* What is the strength of the magnetic field at a point 20 cm from a long 


` straight wire carrying a current of 60 A? 


* What is the magnetic field strength at the center of a coil of wire consisting 
of 300 turns, each 12 cm in diameter, if the current in the coil is 0.30 A? 
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4. A flat coil of wire is 8 cm in diameter, and consists of 150 turns; a current 
of 0.5 A flows through the coil. What is H at the coil's center? 

* A flat coil 10 cm in diameter is composed of 50 turns of wire; the magnetic 
field strength at its center is 120 A/m. What is the current in the coil? 

" At a point 10 cm from a long straight wire, the magnetic field strength is 
Cabrenys to be 20. A/m. What current is flowing in the wire? 

* What is the flux density B at the point described in Question 1? 

* What is the flux density (or magnetic induction) at the point described in 

uestion 2? 

* A horizontal E-W wire carries a westward current. A beam of alpha 
particles is shot directly downward toward the wire. In what direction will the 
beam be deflected? 

O. A vertical wire carries an upward current. A horizontal beam of electrons 
is directed toward the wire. In what direction will the beam. be deflected? 

1. A wire carries a current of 50 A. An alpha particle moves at 3 x 105 m/s 
parallel to the wire and 20 cm from it, in a direction opposite that of the current. 
What are the magnitude and direction of the force on the particle? 

2. A vertical wire carries a 20-A current flowing upward. An electron 
(charge —1.60 x 107!? C) 10 cm from the wire is moving upward with a 
speed of 5 x 10° m/s. (a) What is the magnitude of the force on the electron? 
(b) What is the direction of the force? 

13. An electron (mass 9.1 x 107°" kg) travels 10° m/s at right angles to a 
magnetic field whose flux density is 107? weber/m?. (a) What is the force on 
the electron? (b) What is the acceleration of the electron? 

4. An alpha particle (mass, 6.65 x 107?7 kg) travels at right angles to a 
magnetic field, with a speed of 6 x 105 m/s. The flux density of the field is 
0.2 weber/m?. (a) What is the force on the alpha particle? (b) What is its 
acceleration? 

5. Since the acceleration of the electron in Question 13 is always perpendicular 
to its velocity, the speed of the particle will not be changed by it, although its 
direction will constantly be changed. (a) Consider the gravitational force on a 
planet moving in a circular orbit. Do you see a resemblance between the motion 
of the planet and the motion of the electron? (b) How did we set up the equation 
from which the radius of the orbit could be calculated? (c) What will be the 
radius of the path of the electron in the magnetic field of Question 13? 

16. An alpha particle (see Question 14) is shot into a magnetic field of 
B = 2 x 107? weber/m?, with a speed of 8 x 105 m/s at right angles to the 
field. What is the radius of the particle’s circular path? 

7 An electron is accelerated from (he cathode to the anode of an "electron 
gun." There is a potential difference of 120 volts between cathode and anode, 
and the electron flies through a hole in the anode into a region containing a 
magnetic field that is perpendicular to the velocity of the electron. (a) What is 
the energy of the electron as it passes through the hole in the anode? (b) With . 
this much kinetic energy, what is the speed of the electron as it enters the 
magnetic field? (c) What must be the flux density of the field in order to make 
the electron move in a circle of 6-cm radius? 

* An electron gun (see Question 17) accelerates a stream of electrons 
through a potential difference of 280 volts; the electrons then enter a uniform 
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magnetic field perpendicular to their velocity. (a) With what energy do the 
electrons enter the magnetic field? (b) With what speed do the electrons enter 
the magnetic field? (c) What is B, if the electron beam is bent into a circle of. 
8-cm radius? Í 

19. A circular loop of wire 3 cm in radius is placed with its plane perpendicular 
to a magnetic field. It is found that there is a flux of 1.5 x 1075 weber through 
the loop. What is the flux density of the field? 

20. A circular loop of wire 4 cm in diameter is placed with its plane perpen- 
dicular to a magnetic field of B = 3 x 107? weber/m?. What is the flux 
through the loop? 

21. In Question 19, the loop is oriented so that its plane makes an angle of 65° 
with B. What must be the magnetic induction of the field if there is to be the 
same flux of 1.5 x 107? weber through the loop? 

22. In Question 20, the loop is oriented so that its plane makes an angle of 70° 
with B. What, now, is the flux through the loop? 

23. An air-core solenoid 20 cm long and 4 cm in diameter is wound with 5000 
turns of wire and carries a current of 0.2 A. What are the magnetic field and 
magnetic induction within this solenoid? 

24. What are the magnetic field and the flux density within an air-core solenoid 
10 cm long, consisting of 1200 turns of wire carrying a current of 0.5 A? 

* The current in the solenoid of Question 23 is reduced to 0.05 A and a 
core (relative permeability — 750 at this value of H) is slipped in the solenoid. 
What is the resulting flux density? 

* An iron core (relative permeability = 400 at this intensity of magnetiza- 
tion) is slipped in the solenoid of Question 24. What is the flux density, with 
the current adjusted to be 0.1 A? 

* A wire in the armature of an electric motor is 20 cm long, and is in (and 
perpendicular to) a magnetic field whose flux density is 0.1 weber/m?. What 
force is exerted on the wire, which carries a current of 30 A? 

* A wire connecting a dry cell to a lamp is 1 m long and carries a current of 
0.5 A. It is perpendicular to the earth's magnetic field, which has a strength of 
4 x 107? weber/m?. Is there much danger of the wire being ripped loose from 
its binding posts by the force exerted on the current by the magnetic field? 

` A wire carrying a current of 50 A passes through the center of a cylindrical 
magnetic field 10 cm in diameter. The wire is perpendicular to the field, and 
experiences a force of 8 N. What is the magnetic induction of the field? 


* A 10-cm length of wire carrying 20 A is ina magnetic field at right angles 
to the wire. The wire experiences a force of 0.1 N. What is the flux density of 
e field? 


` A certain type of electrometer can measure currents as small as 100 
electrons per second. What is this current, in amperes? 


32. " 
A.current of 1077 A seems quite small. A flow of how many electrons per 
sgond constitutes this current? 
` The coil of a galvanometer has a resistance of 300 Q and a current of 


2 x 1074 A causes the meter to deflect full scale. (a) What auxiliary resistance 


is needed to convert the galvanometer into a voltmeter that reads 25 volts at 
full-scale deflection? (b) Show how this resistance must be connected. 
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uA A galvanometer with a coil resistance of 100 Q deflects full scale with a 
current of 107? A. (a) Sketch how a resistance must be connected to make it 
into a voltmeter. (b) What must this resistance be if the voltmeter is to read 
5 volts at full-scale deflection? 


E The galvanometer of Question 33 is to be converted into an ammeter 
reading full-scale for a current of 0,5 A. What resistance is needed, and how 
should it be connected? | 


36. The galvanometer of Question 34 is to be converted into an ammeter 
reading full-scale for a current of 2 A. What must be the resistance of the added 
shunt, and how is it connected? 


37; Two parallel straight wires, M and N, are 5 cm apart, and each is 0.60 m 
long. The current in M-is 30 A; and in N, 5 A in the opposite direction. 
(a) Calculate the force on M due to the magnetic field of N, and the force on 
N due to the magnetic field of M. (b) How are the directions of these two 
forces related? 


38; Take two wires, A and B, separated by 0.1 m. A carries a current of 1 A 
and B, 5 A in the same direction. (a) Calculate the force produced on A by the 
magnetic field of B, and the force produced on B by the magnetic field of A, 
per meter of length of wire. (b) How are the directions of these forces related? 


` An aluminium wire 50 cm long has a mass of 60 g and carries a current 

of 40 A, supplied through flexible leads whose weight-is negligible. The wire 
lies on another wire that is flat on the laboratory bench. What current must 
flow through the bottom wire in order to repel the top wire to a height of 2 cm 
above it? 
40: A wire weighing 200 g/m carries a current of 50 A, which is fed into the 
wire by flexible leads whose weight can be neglected. This wire is parallel to, 
and on top of, a horizontal wire lying on a table. What current must flow 
through the bottom wire in order to repel the top wire to a height of 3 cm 
above it? 

* The flux between the poles of a magnet is 5 x 1074 weber. A piece of wire 
is drawn across the flux in 0.2 s. What emf is induced in the wire? 

Ag A piece of wire is passed through the gap between the poles of a magnet 
in 0.1 s. Anemf of 4 x 107? V is induced in the wire. What is the flux between 
the magnet poles? 

* A small car whose.rear hubcaps are 1.60 m apart is driven 120 km/hr. 
Where the car is, the vertical component of the earth's magnetic field is 0.3 
gauss. (a) What is the potential difference between the hubcaps? (b) Could 
this potential difference be used to light a small lamp by running wires from 
the lamp to make contact with each hubcap? Explain. 

* A metal airplane with a wingspan of 50 m flies at 360 km/hr. The com- 
ponent of the earth's magnetic field perpendicular to the velocity of the plane 
is 0.2 gauss. (a) What is the potential difference between the wing tips of the 
plane? (b) Could you take a lamp, say, and connect it to wires running from 
each wing tip and have the lamp light up? Explain. 

z A magnet has pole faces 6 cm in diameter, with a flux density of 5000 gauss 
between them. A piece of fine wire (R = 10 Q) is connected to a 30-Q galva- 
nometer, and then passed through the field in 0.2 s. (a) What average voltage 
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will be induced while the wire passes through the field? (b) What average 
current will flow through the galvanometer? 

46. An electromagnet has square pole faces measuring 10cm x 10 cm, 
between which there is a flux density of 3000 gauss. A single conductor of 
heavy wire is passed across the gap between the poles in 0.5 s. The ends of 
the wire are connected to a galvanometer whose resistance is 40 Q. (a) What 
average voltage will be induced in the wire? (b) What average current will 
flow through it? 

41. A small flat coil 2 cm in diameter that has 120 turns and 40 Q resistance, 
is placed in a magnetic field and then withdrawn. The coil is connected to a 
ballistic galvanometer, a special galvanometer calibrated to indicate the 
amount of charge passing through it in a single surge. It has a resistance of 
50 Q and indicates that a charge 3 x 107? C surged through it when the coil 
was withdrawn. What is the flux density of the field? (The time taken to 
withdraw the coil makes no difference. Assume it to be Ar; it should cancel out.) 
48. A small flat coil of fine wire is 1 cm in diameter, and has 60 turns and a 
12-Q resistance. The coil is connected to a ballistic galvanometer (see Question 
47) whose resistance is 30, is placed in a magnetic field, and is then withdrawn. 
As the coil is withdrawn, a charge of 5 x 107^ C passes through the galva- 
nometer. What is the flux density of the field? 

49. A transformer having 3000 primary turns and 150 secondary turns is 
supplied from a 240-volt line. The load on the secondary draws a current of 
15 A. What are the secondary voltage and the primary current? 

50. A transformer has 500 primary turns and 2500 secondary turns. Meters 
indicate that the load connected to the secondary is operating at 200 V and 8 A. 
What are the voltage and current supplied to the primary? 

51. A pumping station that operates 24 hr/day and 365 days/yr requires 
150 kW of power, which is delivered at 4800 volts over lines whose resistance 
is 5.2 Q. How much money would be saved per year by transmitting at 12,000 
volts instead of 4800? Electrical energy here costs 0.3 cent/kWh. (The kWh, or 
kilowatthour, is an energy unit and represents a power of 1000 watts for an 
hour. A watt-second is, of course, a joule.) 

52. A small factory requires 400 kW and is supplied by lines whose total 
resistance is 1.2 Q. How much money would be saved per year by transmitting 
its power at 11,500 V instead of 2300? Assume the factory operates 8 hr/day 
for 300 days/yr and that electrical energy costs 0.4 cents/kWh. (The kWh, or 
kilowatthour, is an energy unit and represents a power of 1000 watts for an 
hour. A watt-second is, of course, a joule.) 


ive and 


jative lons 


In Section | of Chapter 16, we considered electric cells designed to convert 
chemical energy into electrical energy. Similar cells can be operatéd in 
reverse, to convert electrical energy into chemical energy. 

If we place two electrodes in.a container of pure wat.r, and apply a 
potential difference across the electrodes, practically no current will flow 
through the cell. Pure water has a high resistance, and so is a fairly good 
insulator; at room temperature only | water molecule in 2 x 10° is 
ionized into charged particles, which is not enough to conduct any sub- 
stantial current. When a little of some readily-ionizable material—nitric 
acid (HNO) ), say, or sulfuric acid (H,SO,)—is added, the acid molecules 
break apart into ions that migrate readily through the water. 

Figure 18-1A shows one of such cells in operation, The detailed 
chemical reactions that take place at each electrode lie outside the scope 
of a physics text, but we can appreciate the final result, which is to break 
water molecules (HO) into two hydrogen ions, each lacking an electron 
(H*), and an oxygen ion holding the two excess electrons (O^^). The 
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FIG. 18-1 The electrolysis of water solutions of (A) nitric acid, (B) silver nitrate, and 
(C) copper sulfate by the same current which passes through the three cells in series. 


hydrogen ions pick up electrons from the negative electrode to become 
atoms; the oxygen releases its two excess electrons to the positive electrode. 
For reasons we can leave to the chemists, the neutral atoms of hydrogen 
and of oxygen join together in pairs to produce the corresponding mol- 
ecules H, and O;, which rise in bubbles to displace the liquid in the tops 
of the collecting tubes. Figure 18-1A shows the volume of the hydrogen 
to be twice the volume of the oxygen. This is just what we should expect, 
since the break-down of H,O produces twice as many hydrogen as 
oxygen molecules. 

In the cell of Fig. 18-1B, instead of the acid of A, a metal salt has been 
dissolved in the water—in this case, silver nitrate (AgNO). (It is fairly 
obvious that the N is the symbol for nitrogen; silver is represented by the 
symbol Ag.) This readily breaks up in solution into the ions Ag* and 
NO, , which are then driven through the electrolyte in opposite direc- 
tions by the applied potential. When the Ag* ions arrive at the negative 
electrode, they pick up from it their missing electrons and become 
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neutral silver atoms. This metallic silver deposits as a coating on the 
electrode, and the process is an example of electroplating, which has many 
useful applications. 

Figure 18-1C shows another cell containing copper sulfate (CuSO,) 
in solution. When this ionizes, the copper leaves two electrons behind to 
become the Cu?* ion; the SO, sulfate group, holding these excess 
electrons, is the doubly-negative group SO;?^. With the passage of an 
electric current this cell will of course deposit a layer of copper on the 
negative electrode. 


Michael Faraday, whose name has already been mentioned in connec- 
tion with the theory of electric and magnetic fields, was the first to inves- 
tigate in detail the laws of electrolytic processes. He found first of all 
that, for each given electrolyte solution, the amount of material deposited 
at the electrodes is directly proportional to the strength of the electric 
current and to its duration, or, in other words, that the amount of 
material deposited on the electrodes is directly proportional to the total 
amount of electric charge which passes through the solution. From this 
first law of Faraday, we conclude that each ion of a given chemical 
substance carries a well-defined electric charge. 

Figure 18-1 shows the three electrolytic cells connected in series, so 
that the current in each must be the same, and the charge transported 
through each cell must be the same in equal lengths of time. From this 
reasoning and Faraday's first law, we can conclude that the number of 
hydrogen atoms in the collector, and of silver atoms on the plated elec- 
trode must be equal. However, since the copper lacks two electrons, 
there will be only half as many copper atoms plated out in Fig. 18-1C. 

In Faraday's time nobody had any idea of the mass of any single atom, 
but chemists had determined from many ingenious experiments the 
relative weights.of the atoms of many chemical elements. As long as we 
are dealing with only relative weights—the ratio of the mass of one atom 
to the mass of another—it really makes no difference what we use as a 
standard. If the ratio of the mass of a hydrogen atom to the mass of an 
oxygen atom is about 1/16, it is also 2/32, or 1.96/31.36. In the early 
days of analytical chemistry, hydrogen (the lightest of the elements) was 
arbitrarily assigned the value of exactly 1. On this scale, the mass of 
the oxygen atom would be 15.87. Later (primarily because most of the 
analyses to determine atomic weights were done with oxides of the 
elements), it was decided to make oxygen exactly 16, which required that 
hydrogen be raised to 1.008. In recent years, there has been another 
change. As we will see later, not all oxygen atoms are alike, nor are all 


. carbon atoms. In fact, the atoms of nearly all the elements have several 


different isotopes, which differ from one another only in their masses. 
The present standard for both physicists and chemists is the C-12 isotope 
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of carbon, which is assigned the value of exactly 12. In other words, the 
unit of mass in determining the relative masses (or “weights,” in com- 
mon usage) is 1/12 of the mass of one atom of C-12. The periodic table 
of the elements, Fig. 24-5 on p. 450, gives the masses of the 105 currently 
known elements relative to this standard. 

In the cells in series in Fig. 18-1 we have seen that equal numbers of 
hydrogen and silver atoms have been collected. If we let the cells run 
until 1.008 g of hydrogen has been collected, the equal number of silver 
atoms plated will have a mass of 107.9 g. From the atomic weight of 
copper, we see that the mass of the same number of copper atoms would 
be 63.5 g. In the cell of Fig. 18-1C, however, each copper atom carries a 
double charge, since it has lost two electrons. Accordingly, since the 
same charge passes through all three cells, there can be only half as 
many copper atoms plated, or 63.5/2 — 31.8 g. 

The number of electrons gained or lost by an ion is one aspect of 
what the chemist calls valence. Hydrogen, silver, and the nitrate group 
(NO) have a valence of 1 (monovalent); copper and the sulfate group 
(SO,) have a valence of 2 (divalent); while aluminum has a valence of 3 
(trivalent). 

Thus with several electrolytic cells in series, as in Fig. 18-1, for each 
atom of a monovalent element that is deposited, only 3 of a divalent 
atom, or 4 of a trivalent atom can be deposited. Chemists call the atomic 
weight divided by the valence the equivalent weight, and Faraday’s second 
law of electrolysis states that when the same amount of electric charge flows 
through different electrolytic cells, the amounts of the substances deposited 
(or liberated) are in direct proportion to their equivalent weights. 

For example, we can place two cells in series (which guarantees that 
the same amount of charge will flow through each), one cell containing 
silver nitrate and the other gold chloride (gold is trivalent), and allow 
current to flow until we have 1.000 g of silver deposited on the cathode 
of the first cell. At this time, how much gold will have been deposited on 
the cathode of the other cell? The equivalent weight of silver, since 
silver is monovalent, is the same as its atomic weight, or 107.9. Gold has 
an equivalent weight of 197.0/3 = 65.7. Therefore, we can write 


weight Ag deposited — 1.00 — 107.9 


weight Au deposited x 65.7 
or 


x = 0.609 g Au deposited. 


It has been found that the passage of 96,500 C of charge (this amount 
of charge is known as a faraday) will deposit a mass, in grams, that is 
equal to the equivalent weight of any element. (This amount of any 
element is more formally called a gram-equivalent weight; one gram- 
atomic weight is, of course, an amount of substance whose mass in grams 
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equals its atomic weight.) The American physicist Robert A. Millikan 
(1868-1953) showed with his famous oil-drop experiment (which we will 
discuss later in this chapter) that the value of a single electronic charge is 
1.602 x 107!? C or 4.80 x 107!? esu, Thus the passage of 96,500 C 
means the passage from cathode to anode of 96,500/(1.602 x 107!9) = 

6.02 x 107° electrons. These electronic charges are escorted across one 
at a time by monovalent ions, two at a time by divalent ions, and so on. 

This leads us to the important conclusion that a gram-atomic weight of 
any element contains 6.02 x 107° atoms. The number, 6.02 x 107°, is 
known as Avogadro's number, after the nineteenth-century Italian chemist 
who first reasoned that gram-molecular weights (the extension of gram- 
atomic weight to gram-molecular weight should be obvious) of all gases 
contained the same number of molecules. 


The next step in the study of the electric nature of matter was made by 
another famous Britisher named J. J. Thomson (1856-1940) (Fig. 18-2). 
Whereas Faraday studied the passage of electric current through liquids, 
J. J. (as he was known to his colleagues and his students) later concen- 
trated his attention on the electrical conductivity of gases. 


FIG. 18-2 Sir J. J. Thomson (left), discoverer of the electron, and Lord Rutherford, . 
discoverer of the nucleus, discuss problems in the courtyard of the Cavendish Laboratory, 
Cambridge, England, 1929. 


330. When we walk in the evening along the downtown streets of a modern 
The Electrical city, we observe the bright display of neon (bright red) and helium 
bisture. ori Matte (pale green) advertising signs. Modern offices and homes are illuminated 
by fluorescent light tubes. In all these cases, we deal with the passage of 

high-voltage electric current through a rarefied gas—the phenomenon 

that was the object of the lifelong studies of J. J. Thomson. As in the case 

of liquids, the current passing through a gas is due to the motion of posi- 

tive and negative ions driven in opposite directions by an applied electric 

field. The positive gas ions are similar to those encountered in the elec- 

trolysis of liquids (being the positively charged atoms or molecules of the 

substance in question), and the negative ions in this case are the much 

less massive singly charged particles that we now know to be electrons. 

To study these particles, mysterious at that time, Thomson, in 1897, 

used an instrument shown schematically in Fig. 18-3. It consisted of a 

glass tube containing a rarefied gas, with a negative electrode placed at 

one end of it, and a positive electrode located in an extension on the side. 

Because of this arrangement the negative ions, which form the cathode 

rays that move from left to right in the drawing, miss the positive electrode 

and fly on to the right end of the tube. The tube broadens here, and its 

flat end is covered with a fluorescent material that becomes luminous 

when bombarded with fast-moving particles. This tube is very similar to 

a modern TV tube, in which the image is also due to the fluorescence 

produced by a scanning electron beam. But, in those pioneering days 

of what we now call electronics," one was satisfied with much simpler 


FIG. 18-3 The passage of electric current, carried by both positive and negative particles 
through a rarefied gas. 
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shows; placing a metal cross in the way of the beam, Thomson observed 
that it cast a shadow on the fluorescent screen, indicating that the parti- 
cles in question were moving along straight lines, similar to light rays. 


Thomson's next task was to study the deflection of the beam caused by 
electric and magnetic fields applied along its path. Indeed, since the 
beam was formed by a swarm of negatively charged particles, it should 
be deflected toward the positive one of the parallel plates that produce 
the electric field shown in Fig. 18-4A. On the other hand, the beam of 
charged particles should be deflected by a magnetic field directed per- 
pendicularly to its track (Fig. 18-4B) according to the laws of electro- 
magnetic interactions. 

The deflection of a particle will depend, of course, on how much force 
is applied to it. For a charged particle in an electric field, the force 


FIG. 18-4 (A) the deflection of negative particles (electrons) by an electric field and 
(B) by a magnetic field. By combining both deflections in the same tube, the charge-to- 
mass ratio of the particles can be measured. 
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depends only on the particle's charge and on the strength of the field. 

For a magnetic field, however, the situation is different; a magnetic 
field has no effect on a stationary charge, but it does exert a force on an 
electric current, which is nothing more than a stream of moving charges. 


- Hence the deflection in this case will depend on the strength of the mag- 


netic field, the charge on the moving particle, and also on its velocity. 

. By combining the two experiments shown in Fig. 18-4A and B, 
Thomson was able to obtain valuable information about the little neg- 
atively charged particles called "electrons." In a tube equipped with both 
an electric and a magnetic field, at right angles to each other, and each 
at right angles to the beam of electrons, Thomson adjusted the strengths 
of the two fields so that the beam of electrons continued straight ahead 
without any deviation. Under these circumstances, the upward force 
exerted on the electrons by the electric field must equal the downward 
force exerted by the magnetic field. An electric field of strength E will 
exert a force of E N on a charge of 1 C; on an electron whose charge 
is e, the force will be Ee. In the magnetic field, we have seen that the force 
on a moving charge is Beg, which for our electron becomes Bve. If we 
set these two forces equal, we get 


Ee — Bve 
or 
E 
v=. 
B 


. This equation does not even include the mass or the charge of the 
electron but does serve to measure the velocity the electrons must have 
if they proceed undeviated by the combined force of E and B. The ex- 
perimenter knows the potential difference applied across the electrodes 
of the tube, which we can call V volts. By the definition of the volt, a 
charge of 1 C accelerated through this potential difference would have 
had V joules of work done on it and hence would pass through the center 
hole with an equal amount of kinetic energy. For an electron with a charge 
of e C, the energy would be Ve, which we can set down as equal to the 


4mv? of the electrons: 


Ve = 4m’. 


When we substituté into this equation the previously determined value 
of v, we get 


from which 
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Thus we can measure the charge-to-mass ratio of the electron in terms 
of the readily measurable quantities E, B, and V that are used in the 
tube. 

Actually, Thomson used a somewhat different method, which was 
based on measuring the deflection of the electron beam by the electric 
field alone when the magnetic field was turned off. This leads into com- 
plications involving the geometry of the tube that we can avoid by using 
this simpler method of calculation, which provides equivalent results. 
Thomson’s experiments, and those of later workers, give the value e[m = 
1.759 x 10!! C/kg, or 1.759 x 10* C/g. Unfortunately, he was not 
then able to solve his equations to determine e, the charge of the electron, 
because at that time the mass of the electron was not known. 


This work of Thomson's paved the way for the work of the celebrated 
American physicist Robert A. Millikan, who directly measured the 
charge of the electron by means of a very ingenious experiment illus- 
trated in Fig. 18-5. A cloud of tiny oil droplets was sprayed into the 
space above the plates, and a small hole in the top plate was uncovered 


FIG. 18-5. A schematic diagram of Millikan's experiment for measuring the elementary 
electron charge. 
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long enough for one of the droplets to drift down through the hole into — 
the space between the plates, where it could be observed through a - 
microscope set into the wall of the vessel. By means of a relationship — 
known as Stokes' law, the weight of a small droplet can be determined * 
from the rate at which it settles downward through the air. Millikan 
was able to measure the rate of settling with no electric field between the 
plates and thus compute the weight of the droplet. 

Ultraviolet light can drive electrons away from the molecules of objects 
on which it falls, so by allowing a beam of ultraviolet light to shine 
between the plates, Millikan was able to cause the droplet to have a 
slight charge that could change suddenly from time to time as it collided 
with charged air molecules. By varying the potential applied across 
his plates, he could adjust the electric field until the droplet would hang 
motionless, neither rising nor falling. Under these equilibrium condi- 
tions, the upward force caused by the electric field was just equal to the 
weight of the droplet, and thus 


Eq = mg 


from which q, the charge on the droplet, could be easily figured. 

It turned out that all the charges measured in this way were small 
integral multiples of a certain quantity that was apparently the elemen- 
tary electric charge, or the charge of an electron. Numerically, Millikan 
found that the droplets always had a charge of just 1, 2, 3, or some other 
integer times 1.602 x 107!? C. His interpretation was that the charge of 
the droplet must result from an excess (or deficiency) of an integral 
number of electrons, and that therefore the charge on each electron was 
1.602 x 1077? C. 

From Thomson's charge-to-mass ratio and a direct knowledge of the 
charge on an electron, the mass of an electron can be computed to be 


-19 
RU (a 29.1 x 107?! kg. 
1.759 x 10" C/kg 


The discovery of the electron as representing a free electric charge and 
the possibility of its extraction from neutral atoms was the first direct 
evidence that atoms are not indivisible particles but complex mechanical ` 
systems composed of positively and negatively charged parts. Positive ions 
were interpreted as having a deficiency of one or more electrons, whereas 
negative ions were considered as atoms having an excess of electrons. 


On the basis of his experiments, J. J. Thomson proposed a model of . 
internal atomic structure (Fig. 18-6) according to which atoms consisted — 
of a positively charged substance (positive electric fluid) distributed uni- 
formly over the entire body of the atom, with negative electrons im- — 
bedded in this continuous positive charge like seeds in a watermelon. 


Positive 
charge 


© Negative 
electrons 
FIG. 18-6 J.J. 
Thomson's atomic model, 
showing negative 


electrons floating in a ball 
of positive "electric fluid.” 
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Since electrons repel each other but are, on the other hand, attracted to 
the center of the positive charge, they were supposed to assume certain 
stable positions inside the body of the atom. If this distribution were 
disturbed by some external force, such as, for example, a violent colli- 
Sion between two atoms in a hot gas, the electrons were supposed to 
start vibrating around their equilibrium positions, emitting light waves 
of corresponding frequencies. 

At this time (1904), it was well-known that each element, when in 
the form of an incandescent vapor, would emit light of only certain 
frequencies, Many calculations were made in an attempt to reconcile 
the theoretical frequencies of vibrations that could be expected from 
Thomson's electrons with the actually observed frequencies of the light 
emitted by various elements. All these efforts were failures, and it became 
clear that there was something radically wrong with Thomson's model. 
It considered an atom to be a complex structure of positive and negative 
charge, and thus represented a considerable progress toward the truth; 
but it was not the true picture of an atom. 


The correct description of the distribution of positive and negative 
charges within an atom was made in 1911 by a New Zealander then 
working at Manchester University in England. This was Ernest Ruther- 
ford, who was later made Lord Rutherford for his many scientific 
achievements. Young Rutherford entered physics during that crucial 
period of its development when the phenomenon of natural radioactivity 
had just been discovered, and he was the first to realize that radioactive 
phenomena represent a spontaneous disintegration of heavy unstable 
atoms. 

Radioactive elements emit three different kinds of rays: high-frequency 
electromagnetic waves known as y (gamma) rays, beams of fast-moving 
electrons known as £ (beta) rays, and « (alpha) rays, which were shown 
by Rütherford to be streams of very-fast-moving helium ions. Rutherford 
realized that important information about the inner structure of atoms 
could be obtained by the study of collisions between onrushing « particles 
and the atoms of various materials forming the target. This started him 
on a series of epoch-making atomic bombardment experiments that 
revealed the true nature of the atom. The basic idea of the experimental 
arrangement used by Rutherford in his studies was exceedingly simple 
(Fig. 18-7): a speck of a-emitting radioactive material; a lead shield with 
a hole that allowed a narrow beam of the a particles to pass through; a 
thin metal foil to deflect or scatter them; and a pivoted fluorescent screen 
with a magnifier, through which the tiny flashes of light were observed 
whenever an a particle struck the screen. The screen and magnifier were 
pivoted, to observe the number of flashes occurring at different angles of 
deflection. The whole apparatus was evacuated, so that the particles 
would not collide with air molecules. 
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FIG. 18-7 Schematic diagram of the apparatus used by Rutherford in the alpha-scattering 
experiments that led to his discovery of the atomic nucleus. 


How €ould one expect the a particles to be deflected according to 
Thomson's model of the atom? The a particles (their structure then 
unknown) were known to be doubly charged positive ions of helium; 
they acted as very efficient projectiles in being able to penetrate through 
thin metal foils at least several hundred atoms in thickness. Mathematical 
analysis showed that such a positive projectile, after penetrating several 
hundred of Thomson’s spheres of positive charge, would be deflected 
by electrostatic forces, but the total deflection could not possibly add up 
to more than a few degrees. 

But the results of the experiment, when performed by two of Ruther- 
ford’s students, Hans Geiger and Ernst Marsden, were very different. 
Most of the « particles penetrated the foil with very little deflection. 
An appreciable fraction of them, however, were deflected through 
large angles—a few were turned back almost as though they had been 
reflected from the foil. This was a deflection of nearly 180°, and a 
completely impossible phenomenon according to the Thomson model. 

Such large deflections required strong forces to be acting, such as those 
between very small charged particles very close together. This would 
be possible, Rutherford reasoned, if all the positive charge, along with 
most of the atomic mass, were concentrated in a very small central 
region which Rutherford called the atomic nucleus. Now if the « particle 
were also merely an atomic nucleus, the scattering problem could be 
treated by an analysis of the repulsion between two mass points that repel 
each other according to Coulomb’s inverse-square law. An « particle 
penetrating an atom near its edge (Fig. 18-8) would be deflected only a 
small amount; those passing closer to the nucleus would be repelled with 
a greater force and deflected through a larger angle. Rutherford, 
knowing the kinetic energy of his « particles, calculated that they would 
have to get to within about 10^ !? cm from the center of the nucleus if 
they were to be turned back in the direction from which they came. 
Thus the radius of the nucleus could not be larger than this small dis- 
tance. A mathematical analysis of the total deflections that an « particle 
might experience in penetrating a foil was in very close agreement with 
the experimental data gathered by Geiger and Marsden. 
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FIG. 18-8 The deflection of alpha particles by the repulsion of the small, massive, 
positively charged nucleus. 


Since the radius of a whole atom is in the neighborhood of 107? cm, 
it is apparent that the volume of the atom must be largely made up of 
electrons arranged around the nucleus in such a.way as to occupy this 
space. Because tbere would be a Coulomb force of attraction between the 
positive nucleus and the negative electrons, the two would be drawn 
together and the atom would vanish unless some provision were made to 
prevent it. It was suggested that the electrons might be orbiting rapidly 
around the nucleus, so that the electrostatic attraction would merely 
provide the necessary centripetal force. Thus in one bold stroke Ruther- 
ford transformed the static “watermelon model" of J. J. Thomson into 
a dynamic "planetary model" in which the nucleus plays the role of the 
sun and the electrons correspond to the individual planets of the solar 
system. 

Because the mass of an electron is only about 1/7000 of the mass of 
an « particle, their contributions to the deflection of the « particles 
in Rutherford's scattering experiments could quite properly be ignored. 


We have discussed the passage of an electric current through liquid 
solutions of acids, bases, and salts and through rarefied gases. In the 


first case, the current was due to the motion of positively and negatively 


charged ions, such as Ag* and NO,_, shouldering their way through the 
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crowd of water molecules. In the second case, we dealt with positively 
charged ions flying in one direction and free negative charges, or elec- 
trons, flying in the opposite direction. But what happens when an electric 
current passes through solids, and why are some solids (all of them 
classed as metals) rather good conductors of electricity while the rest 
of them, known as insulators, pass hardly any electric current at all? 
Since in solid materials all atoms and molecules are rigidly held in fixed 
positions and cannot move freely as they do in gaseous or liquid mate- 
rials, the passage of electricity through solids cannot be due to the motion 
of charged atoms or atomic groups. Thus the only active electric carrier 
can be an electron, which, being much smaller than the atoms and mole- 
cules forming the crystalline lattice of a solid, should be able to pass 
between big atoms as easily as a small speedboat can pass through a 
heavily crowded anchorage of bulky merchantmen. Indeed, this is what 
takes place in metallic conductors. The high electrical conductivity 
of these substances is inseparably connected with the presence of free 
mobile electrons that rush to and fro through the rigid crystalline lat- 
tices (Fig. 18-9). 

These electrons that belong to no particular atom play an essential 
part in holding the metallic crystal together. Indeed, without them the 
positive ions would all repel each other and the crystal would be imme- 
diately converted into a puff of vapor. Free as the electrons are to move 
about, wherever they go, they are surrounded by the positive ions and 
are attracted by all of them. They thus act as a sort of bonding device 
that gives the crystals the strength characteristic of most metals. 

In nonmetals such as sulfur, each atom holds tightly to all its electrons, 
and the application of an electric field can cause nothing more than a 


FIG. 18-9 The motion of free electrons explains the passage of electric current through 
metals. a 
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slight deformation (electric polarization) of the atoms forming the crystal 
lattice. Such nonmetals must therefore in general be classified as non- 
conductors, or insulators. 


Some materials, such as the element silicon (Si), cannot be classified as 
either good conductors or good insulators. The outer electrons of the 
atoms are more firmly bound than those in true metals; but thermal 
agitation of the atoms knocks enough of them free to make the material 
slightly conductive. Such materials are semiconductors. 

Figure 18-10A is a very schematic diagram of a regular crystal of pure 
silicon. Without concerning ourselves with the details, we can see that 
each atom has four outer electrons (small spotted circles), and each 
electron joins with an electron from another Si to bond the atoms 
together in a crystal. All the available electrons are utilized, and only 
those that are occasionally knocked loose can act to conduct a current, 

Now, instead of using pure silicon, let us add a small amount of 
arsenic (As) to the silicon, and allow this impure silicon to crystallize, 
Figure 18-10B shows an As atom taking its place in the crystal. Arsenic, 
however, has five outer electrons; only four can be used in the bonds, so 
one very loosely bound electron is left free to move in an electric field, 
and conduct a current, similar to the conducting electrons in metals, 
This is called an n-type semiconductor, since current is carried by the 
negatively-charged electrons. 

In Fig. 18-10C, a small amount of boron (B) has been added as an 
impurity to the silicon. Trivalent boron has only three outer electrons; 
it can make bonds with only three of its four Si neighbors, leaving a 
vacancy, or hole, as indicated by the arrow. If we now apply a potential 
difference across the crystal, to produce an electric field as shown in 
Fig. 18-11, onetof the weakly-bound electrons from a neighboring Si 
atom to the right or below the boron may move in to fill the vacancy, 
as in Fig. 18-11A. But in so doing, it of course leaves another vacancy 
at its original location. This process is repeated, as shown in Fig. 18-11B, 
C, and D. The net effect is that of a hole moving downward to the right, 
in the direction of the field, exactly as though it were a positive charge. 
Such a crystal is a p-type semiconductor, because the conduction of current 
by moving holes is exactly equivalent to conduction by positive charges. 

One of the many necessary jobs to be done in all sorts of electronic 
equipment is rectification. A rectifier converts an alternating potential 
into direct, which flows always in the same direction in the circuit. 
Figure 18-12* shows how this can be accomplished with a pair of semi- - 


* The exaggerated dimensions of Figures 18-12 and 18-14 may give the incorrect im- 
pression that these semi-conductor devices consist of separate slabs of the proper type 
crystal, pressed together. The separate layers are actually formed in place by a complex 
manufacturing technology, on a thin wafer of silicon less than a hundredth of an inch thick. 


Electric field + 


FIG. 18-11 The successive fillings of a “hole” by neighboring electrons (represented 
by shaded squares) makes the hole move (in this case downward and to the right as the 
filling electrons move upward and to the left). 


FIG. 18-12 The motion of electrons and holes across a p-n junction. (A) If the electric 
field is directed from p to n, a continuous current flows across the junction. (B) If the 
electric field is directed from n to p, no current can flow. 
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conductors. À p-type crystal containing mobile holes is in close contact 
with an n-type, containing mobile electrons. If we now connect a battery 
as shown in Fig. 18-12A, with the p-type side positive and the n-type side 
negative, the holes and electrons are driven toward each other. At the 
p-n boundary there will be mutual annihilation as each hole is filled with 
an electron. The + and — terminals will continuously provide new holes 
and new electrons, so that a continuous current flows. In effect, with a 
small potential causing a relatively large current to flow, we can say that 
the resistance of this device is small. 

With the battery terminals reversed, as in Fig. 18-12B, the result is 
very different. The holes and electrons are drawn away from the p-n 
boundary, there is no constant mutual annihilation, and practically no 
current flows in the circuit. Since the potential causes a negligibly small 
current, we can consider the device to have a very high resistance to a 
potential in this direction. 

Figure 18-13A shows an alternating potential connected across this 
device, called a diode because it has two elements. During one alterna- 
tion, while the p-type is positive, a current flows. During the other 
alternation, the p is negative, the n is positive, and little or no current 
flows. This intermittent current, always in the same direction, is graphed 
in Fig. 18-13B. The dotted loops, which represent current in the opposite 
direction that would have flowed through an ordinary wire, have been 
cut off. 


Let us now make a three-element device, as sketched in Fig. 18-14. 
This is a transistor, and its basic function as an amplifier can be easily 
followed. A p-type semiconductor is sandwiched between two n-types. 
(It works equally well to use a p-n-p sandwich, and reverse the battery 
connections.) Consider the left, n-p, junction. The battery connections 
at e and b are of such polarity that this n-p diode element has a low 
resistance, and without the collector element, a small potential would 
cause a substantial current to flow in the emitter-base portion of the 


FIG. 18-13 A p-n junction used as a rectifier of an alternating current. 
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FIG. 18-14 A three-element n-p-n transistor used as an amplifier. (A p-n-p arrangement 
will accomplish the same job.) 


circuit. Now look at the p-n junction between base and collector. The 
right-hand battery is connected with its + terminal to the n-type collector, 
and our experience with the diode shows that under these circumstances 
the base-collector p-n junction will have a very high resistance. If this 
were all, we should expect nothing very startling; a large current would 
flow in the circuit loop through e and b, and a very small current in the 
b-c loop. 

The trick of the transistor lies in the extreme thinness of the base— 
less than 0.001 inch. Of the electrons entering the base from the emitter, 
only a few percent ever reach the terminal at b; 95 percent or more, in 
their irregular Brownian-motion-like path toward it, diffuse into the 
collector through the high-resistance base-collector boundary. Once 
across this boundary there is no obstacle to their attraction toward the 
positive terminal at c. So we have a nearly uniform current flowing 
through the whole circuit—from e, through the n-p-n semiconductors to 
c, through the two batteries, and back to e. Only a minor additional 
trickle is in the left loop—e, n-p, b, and the left-hand battery. 

Now let us add an input signal as shown—we might imagine it to be a 
small alternating potential that will make V,, alternately a little more or 
a little less than its normal direct-current value. This will of course 
Cause a corresponding fluctuation in the electron current flowing through 
the transistor. 


AI = A Vieput | 


Re 


On the collector, or output, side, the current and its fluctuations are 
nearly the same, but it flows through the high-resistance p-n junction. 
Hence on this side we have 


Al = AVourput | 


Ry. 
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(18-1) 


From these two expressions for the same AJ, we find 


A Vinput ON A Vourput 
R.- b R,- e 


* RU 
AV pat - AVisput x P * 


e-b 


The input signal is amplified by a factor equal to the ratio of the resis- 
tances, which may run as high as 1000 or more. 


Rectifier diodes and amplifying transistors are only two of many types of 
semiconductor devices. For many decades before their invention and 
development, their functions were performed by vacuum tubes. Indeed, 
for a number of specialized operations the vacuum tube is still the only 
satisfactory answer. 

The operation of these tubes, like that of semiconductor devices, 
depends on the control of a stream of electrons. In the tube, however, 
the electrons must be emitted from a red-hot electrode (the cathode) and 
attracted through a vacuum to a positively-charged electrode (the anode). 
Between cathode and anode are metal grids or coils whose varying 
potentials serve to control the flow of electrons. There are a number of 
disadvantages to this system. An overwhelmingly large fraction of the 
power needed is used merely to heat the cathode to the temperature at 
which it will emit electrons freely. The disposal of this heat is a major 
problem that does not exist with transistors. The mechanical structure 
of the tube—accurately positioned cathode, anode, and grids, all sur- 
rounded with an evacuated glass container—makes it necessarily large, 
fragile, and expensive. The transistor is an inexpensively manufactured 
small chip of crystal, generally imbedded in a lump of protective plastic. 
It is remarkably rugged, and its operating lifetime, with no hot filaments 
to burn out, is indefinitely long. 

The miniaturization of semiconductor circuitry has been carried to 
almost unbelievable lengths, and techniques under development give 
promise of still further progress. By means of photographic masks to 
protect or expose the proper areas, p- and n-type inpurities, conducting 
metal strips, insulating layers, resistances, etc., can be deposited on or 
etched away from the surface of a chip of silicon in multiple layers that 
provide a large number of devices in a very small area, known as 
Large-Scale Integration, or LSI. 


Questions 


4, What are the ions into which silver nitrate decomposes in solution? What 
is the charge on each ion? j 


(18-2) 


(18-4) 


Give the charge on each ion. 

3. Look up lead and zinc in the periodic table, and (a) write their symbol 
atomic numbers, and atomic weights. (b) What is the ratio of the mass of a H 
lead atom to the mass of a zinc atom? (c) How does the mass of 3.42 x 102* 
atoms of lead compare with the mass of an equal number of atoms of zinc? — 
(d) How does the number of atoms in 20.719 g of lead compare with the 
number of atoms in 6.537 g of zinc? 


4. (a) Write the symbols, atomic numbers, and atomic weights of iron and .— 


potassium. (b) How does the mass of an iron atom compare with the mass of — 
an atom of potassium? (c) What is the ratio of the mass of 7 x 10!? iron atoms .— 


‘to the mass of 7 x 10!? potassium atoms? (d) Consider a sample of 55.85 g 
of iron, and one of 39.10 g of potassium. How do the number of atoms in each — 


of these samples compare? 

5. What is the number of atoms in 12 g of lead and the number of atoms in. 
5g of zinc? 

6. Compare the number of atoms in 5 g of iron to the number of atoms in 
20 g of neon. 


7. (a) What is an equivalent weight of hydrogen? (b) an atomic weight of — 


silver? (c) an equivalent weight of aluminum? 

8. (a) What is an atomic weight of copper? (b) an equivalent weight of silver? 
(c) an equivalent weight of gold? 

9. An electrolytic cell contains a solution of a silver salt and is connected in 
series with a cell containing a solution of a salt of zinc (divalent). (a) How many 


coulombs of charge must flow through the cells to deposit 10 g of zinc? (b) In. . 


this time, how much silver will have been deposited? 

10. An electrolytic cell contains a solution of gold chloride, and is placed in 
series with another cell containing a solution of a salt of copper (divalent). 
(a) By the time 0.60 g of copper has been deposited, how much gold will have 
been deposited on the cathode of the other cell? (b) How many coulombs of 
charge will have flowed through the two cells? 


11. Molten salts (the pure salt, not a solution) are also ionized and can be 
electrolytically decomposed. Metallic sodium and chlorine gas can be pro- : 
duced by electrolysis of common salt (NaCl, both monovalent). How many 
pounds of sodium are produced for each pound of chlorine? P 
12. Most of the copper used to make wire, etc., has been electrolytically 
refined by depositing it from a copper salt solution (divalent) onto a cathode. 
What is the cost of electrical energy required per kilogram of copper, if elec- 
tricity costs the refiner 0.5 cent /kWh? (The cell operates at 0.2 V). 

13. What force is exerted on an electron when it is in an electric field of 
125 V/cm? 

14. An electron is to be given a force of 3.2 x 10715 N by an electric field. 
What must be the strength of the field in V/cm? 

15. what is the force on an electron whose speed is 10° cm/s while moving at 
right angles to a field whose flux density is 3 x 107° weber/m?? 

16. What must be the flux density B, if a magnetic field is to exert a force of 
3.2 x 10-1? dyne on‘an electron traveling 10° cm/s at right angles to the field? 
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(18-5) 


(18-7) 


Mas What potentia] difference would be needed in the electron gun if the 
electrons were to be undeviated in passing through an electric field of 270 V/cm, 
and a perpendicular magnetic field of 8 x 107* weber/m?? 

18. In an electron gun, the potential difference between cathode and anode 
is 300 V. The electron beam passes through a magnetic field of 20 gauss, and a 
perpendicular electric field, to emerge undeviated. What is the strength of the 
electric field? 

19. ^ droplet of oil has four extra electrons. (a) What electric force is exerted 
on the droplet when it is in an electric field of 220 V/cm? (b) If the drop is 
motionless in this field, what is its weight? 

20. In à repetition of Millikan's oil-drop experiment, the weight of a droplet - 
is found to be 4.60 x 107!5 N. The plates are 1.50 cm apart, and the droplet 
is motionless when a potential of 72 volts is applied across them. How many 
electron charges are there on the droplet? 

21, The charge on a nucleus equals the atomic number of the element times 
the charge of the electron; the charge on a neon nucleus, for example, is 
10 x 4.8 x 10719 = 4-48 x 107? esu, (a) What is the potential energy of 
an alpha particle at the instant it has penetrated to 107}? cm from a gold 
nucleus and is momentarily stationary? (b) What kinetic energy must the 
particle have in order to penetrate to this distance from the nucleus? 

22. ^n alpha particle has 1.2 x 1075 erg of kinetic energy. What is the 
closest it can come to the nucleus of a silver atom? (See Question 21.) 

23, Figure 18-8 is not drawn to scale. In the drawing, the diameter of the 
nucleus is about 0.3 inch. About what should the diameter of the atom be on 
this scale, if the drawing were to be in proper proportion? 


19-1 
The Velocity 
of Light 


Light is obviously a form of energy transmitted in some way through 
space. With your unaided eyes, you can see light that has been traveling 
from its source for 2 million years to be finally absorbed in the act of 
stimulating chemical changes in your retinas, which you interpret as 
"seeing" the Andromeda galaxy. 

In order to know that light has taken 2 million years to make this 
journey, it is apparent that we must have some knowledge of the distance 
of the Andromeda galaxy (a problem we leave to the astronomers) 
and also a knowledge of the speed at which light travels. 

The first attempt to measure the speed of propagation of light was 
undertaken by Galileo in a very primitive way. One evening, he and his 
assistant placed themselves on two distant hills in the neighborhood of 
Florence, each of them carrying a lantern with a shutter. Galileo's 
assistant was instructed to open his lantern as soon as he noticed the flash 
from the one carried by his master. If light were propagating with a 
finite speed, the flash from the assistant’s lantern would have been 
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observed by Galileo with a certain delay. The result of this experiment 
was, however, completely negative, and we know now very well why. 
Light propagates so fast that the expected delay in Galileo's experiment 
must have been about one hundred-thousandth of a second, which is 
quite unnoticeable to human senses. 

The velocity of light was first successfully measured by the Danish 
astronomer Olaus Roemer, who, instead of observing a helper on à 
neighboring mountain, studied the moons of the planet Jupiter, thus 
increasing the distance to be covered by light by a factor of hundreds of 
millions. Roemer's method is illustrated in Fig. 19-1, which shows the 
orbits of the earth, Jupiter, and one of Jupiter's moons. Moving around 
the planet, the moons are periodically eclipsed as they enter the broad 
cone of shadow cast by Jupiter. Studying these eclipses, Roemer noticed 
that they occurred ahead of their average schedule when the earth and 


FIG. 19-1 .Roemer's method for measuring the velocity of light by observing the eclipses 
of Jupiter's moons. 
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Jupiter were on the same side of the sun (first position) and were delayed 
in the opposite case (second position). Clocks were not very reliable nor 
accurate in the seventeenth century, and Roemer's best figures were 
that the advance and delay in the eclipses were each about 11 minutes. 
From these observations Roemer correctly concluded that the speed of 
light was such that it would require 22 minutes to cross the diameter of 
the earth's orbit, then thought to be about 2.9 x 105 km. This gives a 
value of 2.2 x 108 m/s for the speed of light. This figure is considerably 
low, of course, but was nevertheless a remarkable achievement, con- 
sidering the crude technology of his time. Regardless of its accuracy, it 
showed that the speed of light was not infinite, as many then believed, 
but was finite and measurable. 

The first laboratory measurement of-the speed of light was carried 
out in 1849 by the French physicist H. L. Fizeau, whose apparatus is 
shown in basic principle in Fig. 19-2. (Fizeau used lenses to focus the 
light into a tight beam. These are not shown.) With the 720-tooth wheel 
stationary, the beam passed through a space between teeth, was reflected 
from a mirror 8633 m away, and returned between the same teeth to enter 
Fizeau's eye. When the toothed wheel was set spinning at the proper 
speed, the outgoing light that had passed between the teeth found its 
way blocked by a tooth on its return, so that no light reached the ob- 
server. This would happen when the time needed for the light to travel 
2 x 8633 — 17,266 m was equal to the time it took the wheel to turn 
through 1/(720 x 2) = 1/1440 revolution. Fizeau found the returning 
light was completely blocked when his wheel turned at 12.6 rev/s. At 


this speed, the time for the wheel to turn 1/1440 rev is 1/(12.6 x 1440) — 


5.51 x 1075 s. This gave him for the speed of light, c: 


_ 1.7266 x 10* 


AU Cw wr. mw 3.13 x 10° m/s. 


FIG. 19-2 Schematic diagram of Fizeau's method for measuring the velocity of light. 
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Many experimenters, using many different methods, have continued 
research on this important constant. The most precise determination to 
date—from research conducted jointly by the National Bureau of Stan- 
dards and the University of Colorado—finds the speed of light in vacuum 
to lie somewhere between 2.99792459 and 2.99792461 x 10° m/s. This 
was done not by dividing a distance by a time, but by taking advantage 
of the fact that light and other similar radiation is a wave phenomenon. 
An accurate measurement of frequency and wavelength then gives the 
speed of light as c = fA. For our work here (in which we generally expect 
only slide-rule accuracy), we will simplify our arithmetic by using the 
value c = 3 x 10° m/s. (The letter c is universally used to represent the 


speed of light.) 


The study of light is one of the most important parts of physics, since 
most of our knowledge concerning the world around us is gained through 
seeing. We learn about the properties of giant stellar systems by means 
of light that travels for millions of years through empty space to deliver 
us its message. We learn about the properties of atoms through the light 
emitted by them, which carries in a hidden form information concerning 
their internal structure. And, of course, most of the information that we 
get in our everyday life is also obtained through the medium of light. 

Unless we are looking directly at a source of light—the sun, a star, 
an electric light, a firefly, etc.—what we see is reflected light. 

Obviously, reflectíng surfaces vary in many respects. The shiny door 
of a well-polished black car may reflect only 5 percent of the light that 
falls on it, but this small amount of reflected light presents you with a 
clear image of your face as you stand before it. A good mirror can do 
no more, although the image is brighter because it may reflect as much 
as 85 or 90 percent of the light. A piece of black cast iron and a clean 
white plastered wall may reflect as much light as the car door and the 
mirror, but you see no image of your face as you look at these. 

The difference, of course, is in the smoothness of the surfaces. The 


` glossy surfaces of glass or enamel or polished metal are smooth and 


regular, even to a beam of light; paper and plaster are covered with 
microscopic irregularities from which light is reflected in all directions 
like Ping Pong balls bouncing from the surface of a rock pile. 

Reflection from a glossy surface is specular reflection (from the Latin 
word for “‘mirror”); the irregular reflection from a comparatively rough 
surface is diffuse. Most of our attention will be to specular reflections, 
because this reflection behaves in accordance with a simple law. 

Figure 19-3 shows a narrow beam of light from a small bright source 
falling on a mirror. We can imagine such beams from any source, narrow 
enough to represent by a line—these imagined narrow beams are rays, 
which we will find it useful to draw on many occasions. In Fig. 19-3 
we notice a regularity first observed by the ancient Greeks. Draw a 
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FIG. 19-3 Angle of incidence and angle of reflection for a reflected beam of light. 


perpendicular to the mirror where the ray strikes it; the angle between 
the incoming ray and this perpendicular is the angle of incidence. The 
angle between the reflected beam and the perpendicular is the angle of 
reflection. The law of reflection is that the angle of reflection equals the 
angle of incidence. By applying this single simple law we can analyze how 
images are formed by various reflective surfaces. 


The mirrors that hang on walls are usually flat, or plane, and we all are 
familiar with the appearance of objects when seen in such mirrors. It 
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FIG. 19-4 The formation of a virtual image bya plane mirror. 


will probably be helpful to our understanding if the preceding statement 
is rephrased: Instead of “seeing an object in a mirror," it would be clearer 
to say "seeing the image that the mirror forms of the object." Figure 
19-4 shows how the image of an object is formed by a plane mirror. The 
top of the cloverleaf, O (for “object”), is illuminated presumably by 
the sun; the diffuse reflection of the sunlight from O sends out an infinite 
number of rays in all directions, of which we have shown only a few. 
To the eye, it appears as though the reflected rays were all coming from the 
point I. Actually, of course, no light ever reaches or passes through J 
(I may be in the middle of a thick brick wall), and Zis in such a case called 
a virtual image of point O. 

Ray.OM has been drawn perpendicular to the mirror, and is reflected 


- back in the direction from which it came. At point N, NP has been 


drawn perpendicular to the mirror, and for the ray striking N (as for 
all the rays) the angle of incidence (angle ONP) equals the angle of 
reflection (angle PNA). The application of a small amount of high school 
geometry will prove that the triangles OMN and IMN are equal. From 
this it is apparent that in a plane mirror, the virtual image of an object 
lies on the line drawn from the object perpendicular to the mirror, and is 
just as far behind the mirror as the object is in front of the mirror. 

The image of the stem of the clover, and of every point between the 
top and the stem, could have been constructed in this same way, but we 
need only draw RST perpendicular to the mirror and make T'S equal to 
SR, in order to locate the image of the stem. It is worth noticing that the 
eye can see the image of the stem perfectly, even though the mirror does 
not extend down as far as S. - 
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In many optical instruments, from telescopes to microscopes, mirrors 
that are concave or convex rather than plane are used. The simplest 
shape for such a mirror is that of a small piece of a polished sphere Let 
Us wee what happens to light that is reflected from a concave sphernal 
mirror, shown in Fig. 195A. Point C is the center of the hollow sphere 
of which the mirror is a part, and is called the center of curvature of the 
mirror. The line CO, from the center of curvature to the center of the 
mirror, is the optical axis, Take a ray of light which comes in paraliel 
to the optical axis and which strikes the mirror at B. A radius of the 
sphere CB is perpendicular to the mirror, so AM is reflected toward F 
with its angle of incidence / equal to its angle of reflections The reflected 
vay hits the optical axis at point F, which is called the principal forms of 
the mirror. Since AM is parallel to the optical axis, angle ACF = /, aod 
triangle ACF is iovorles, which makes BF = CF. If point B is not too 
far from O, OF and BF are neatly I, and we can say that OF almost 
eustiy equis half of the radios of carvetare CO. 

Many other rays from some very dintant object could alto be drawn - 
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[*— Radius of curvature = r: 
Object distance = p 


FIG. 19-6 Geometrical factors in the formation of an image by a concave mirror. 


We can see from the drawing that AC equals the object distance minus 
the radius of curvature of the mirror, or p — r. Similarly BC = r — q. 
Substituting these values we find 


Pr 2 
Pow. 
pq — rq = rp — pq 
rq + rp = 2pq. 


Dividing this last equation by pqr, we find 


men 
---- 
Pas dar 


and since r = 2f, and 2/r = 1/f, we have 
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As an example, take a concave mirror with a radius of curvature of 
24 cm. What can we say about the image of an object 4 cm long that 
is placed 48 cm in front of the mirror? It is given that f = 12 cm and that 
p = 48 cm, so from 


Mess el 
p^ f 
we find 
i ba Bane 
arg n 
or 
i ar d 
q 2 48 48. 16 
so that 


q = 16cm. 


We can now figure the size of the image: 


Image size _ 16 
4 48 


from which the image size equals 4 x 1$ = $ cm long. The image (as 
you can check with a graphical construction) will be real and inverted. 

It is a good idea to adopt a standard way of making sketches of mirror 
and lens problems. The most common way is to have the light coming 
in from the left. If you then keep in mind that the example we have just 
used to derive the general equation relating p, q, and f is the “all +” 
case, you should have no difficulty with algebraic signs. The center of 
curvature of the concave mirror lies to the left of the mirror, and we have 
called its focal length + ; hence, for a convex mirror, the center of curva- 
ture will be to its right, and f will be negative. In our “all +” case, the 
object was to the left; so if the object were to the right of the mirror, 
p would be negative. Similarly, for an image formed to the right of the 
mirror (opposite to the “all +” case), we would have a negative value 
for q. 

Figure 19-7 shows the graphical construction of the image formed by 
a convex mirror. The ray OA, parallel to the axis, will be reflected as 
though it were coming from F. (With a convex mirror, the principal 
focus F is of course virtual, because no ray of light can ever actually reach 
it.) The ray OB, heading toward the center of curvature along a radius, 
will be reflected back along the same path. Although the image of the 
top of the flagpole can be accurately located by the intersection of these 
two rays alone, we can easily add a third ray: OC is drawn from O 
toward the principal focus F. It will never reach there, of course, but will 
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FIG. 19-7 Image formation by a convex mirror. 


instead be reflected parallel to the axis and when extended to the right 
beyond the mirror will also intersect AF and BC at the top of the flagpole 
image. Thus, to an observer, all three rays (as well as any others we : 
might care to draw) originating at O and reflected by the mirror will 
appear exactly as though they had come from the virtual image 7. j 

The same equation relating object distance, image distance, and E 
focal length is also applicable to the convex mirror. Suppose an object i 
O were 25 cm in front of a convex mirror with a radius of curvature of .— 
— 20 cm. The focal length f is then — 10 cm, and we have 


182201 1 
—+-=—=- 
3535 G0 10 
La ubl win. 7 
q 10 25 50 
or 
50 
=—2=-714 
q a cm 


The negative value for q shows that the image is behind the mirror — 
and therefore virtual. } : 


If a beam of light is directed against a pool of water or a piece of glass, 3 
its diréction will be changed (unless it happens to strike perpendicular - 
to the boundary surface of the water or glass, which is a very special E 
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FIG. 19-8 The refraction of a beam of light in passing from one medium into another. 


case). Figure 19-8A shows such a beam, which travels first in air and 
then strikes the surface of a block of flint glass. The angle of incidence 
i and the angle of refraction r are measured between the ray and the 
normal (i.e., perpendicular) to the surface, as shown. 5 

The relationship between i and r is not quite so obvious as the simple 
i — r law of reflection; it was not until 1621 that it was discovered by 
the Dutch physicist Willebrord Snell. Snell found that for any ray pass- 
ing from one medium into another, — ; 


where n is a constant—that is, the ratio sin i/sin r is the same for any 
given pair of media, no matter what the angle of incidence is. This ratio 
n is called the index of refraction of the second medium (into which the ray- 
is refracted) with respect to the first (from which the ray has come). 
We can use subscripts to indicate the mediums concerned. In the example 
of Fig. 19-8A we might write nga = 1.65, to indicate that this is the index 
of refraction of glass relative to air and would apply to the case of a 
ray in air entering glass. 

Ordinarily, if no reference medium is specified, it is assumed to be 
empty space. Air, however, differs very little from a vacuum in this 
respect, so that we might say merely that the index of refraction of the 
flint glass is 1.65. If this is expressed as ng, without a second subscript, 
it will always be understood to be with reference to air or vacuum. 
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TABLE 19-1 REFRACTIVE INDICES OF DIFFERENT SUBSTANCES 
(for yellow light) 


Substance Refractive Index 


Water 
Alcohol 


Glass (flint) 
Diamond 


Table 19-1 gives the index of refraction tor a few substances. The index 

is slightly different for different colors of light; as is customary, these 

indices are given for yellow light. | 
If the angle of incidence in Fig. 19-8A were 40^, we would then have 


: o 
SAU GS | 
sin r 
sinr = Si 40^ _ 9.643 L 9 309 
1.65 1.65 
r = 23,0", 


Figure 19-8B shows a situation that is a little more complex; there is 
a uniform layer of water between the air and the glass. Given the initial 
angle of incidence i,, we should have no trouble calculating r,, the angle 
of refraction into the water, as the index of water (with respect to vacuum 
or air) is given in Table 19-1. But the table does not give the index of 
flint glass with respect to water, which we will need in order to calculate 
the second refraction. Fortunately (for reasons to be discussed later) 
there is a simple way out of this difficulty: now = ng/nw = 1.65/1.33 = 
1.24. 

Now, assuming that i, = 60°, we can work out the example of Fig. 
19-8B: 


SE iq 
sin r, 
sin 60° 0.866 
sin z, = ——— = — = 0.651 
9:193 1.33 
and S 
ri = 40.0? or 40°37 = i, 


For the water-to-glass refraction, 


r2 = 31.67 or 31°40’. 
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It is interesting to consider that if the direction of the beam in Fig. 
19-8B is reversed, so that the light passes from glass to water to air, the 
path of the beam will be identical. The i’s will become r’s, and the r's 
will become i’s; the indices of refraction will now be of water with respect 
to glass, and of air with respect to water. These will be the inverse of the 
indices taken the other way and will both be less than 1. 


The prism is a very useful piece of optical equipment, and we will need 
to speak of it again in later chapters. Figure 19-9 shows a ray passing 
through a 60° prism, made of glass for which n = 1.6000. The angle of 
incidence of the ray is 45*. Let us trace this ray as it is refracted at both. 
faces of the prism. 


sin i, 
Uni = noa = 1.6000 
sin r, 


sini, _ 0.70711 
1.6000 1.6000 


rı = 26 14 or 2623". 


sinr; = = 0.44194 


If you need to brush up on your geometry, it might be a good exercise to 
show that i, = A — r; = 60° — 26.23° = 33.77°. 


When the ray emerges, 
MONA 
sin r2 Nga 

and 


sin r, = sin i, x nga = 0.55586 x 1,60 = 0.88938 
ra = 62° 48' or 62.79". 


FIG. 19-9 Two refractions of a light ray in passing through a prism. 


Angle of 
deviation 
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|. 19-7 
Total Internal 
Reflection 


For most applications it is important to know the deviation of the 
refracted ray—i.e., by what angle its direction has been changed. Figure 
19-9 shows the incident and emergent rays extended as dotted red lines, 
to intersect at D. The angle of deviation is shown on the drawing. It 
is another simple exercise in geometry to show that the angle of deviation 
D =i, + r, — A. In this case D = 45.00 + 62.79 — 60.00 = 47.79" 
or 47°47’, 


For every prism that is used to’bend light, there are hundreds, or perhaps 
thousands, of prisms that are used for an entirely different purpose— 
to act as mirrors in reflecting light. To see how this is accomplished, 
look at Fig. 19-10A. There are many kinds of optical glass with indices 
of refraction (for yellow light) varying from 1.45 to 1.92, but let us assume 
an index of 1.65 for a ray passing from air to glass. The rays in the 
drawing pass from glass into air, however, so the index is 1/1.65 = 0.606, 
and we can compute the direction of the refracted rays in air by setting 


pe (0606; 
sinr 


As with all rays when they encounter a change in index of refraction, 
a part of ray 1 is reflected from the glass-air surface, but most of it is 


FIG. 19-10 Total internal reflection. 


ena 
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19-8 
Lenses 


refracted into the air as shown. The behavior of ray 2 is very similar, 
but ray 3 is quite unusual. If its angle of incidence (for this particular 
glass) is 37.3°, we can calculate its angle of refraction as 


and 


So this particular ray (called the critical ray) striking the glass-air 
surface at this particular angle (called the critica! angle) cannot really 
be refracted out into the air at all. If we try to solve the problem for an 
angle of incidence greater than 37.3° (for this type of glass), we shall 
find that sin r > 1, which is impossible. Nature also finds it impossible, 
and the ray will be totally reflected back through the glass, as shown in 
Fig. 19-10A. 

Thus the phenomenon of total internal reflection can occur if a ray in 
a material of higher index of refraction tries to escape into a material 
whose index of refraction is lower. The ray will be totally reflected if 
its angle of incidence is greater than the critical angle: sin i, = l/n. 

In the 45? prisms shown in Fig. 19-10B, the angle of incidence on the 
glass-air surface is 45°, which is greater than the critical angle, and the 
rays will be 100 percent reflected. Besides being a more efficient reflector 
than any silvered or aluminized surface, there can be no tarnish or 
corrosion on the glass surface, and it will maintain its 100 percent reflect- 
ing ability for an indefinitely long period. > 


Analogous to concave and convex mirrors are converging and diverging 
lenses. These are shown in Fig. 19-11. The converging lens, thicker in 
the middle than at the edge, bends incoming parallel rays so that they 
converge to a real focus. The diverging lens, thinner in the middle than 
at the edge, causes incoming parallel rays to diverge as though they were 
coming from a virtual focus. As with the mirrors, the distance from a 
lens to its focal point for parallel rays is called the focal length of the lens; 
for a converging lens the focal length is positive, and for a diverging lens, 
negative. 

With a little juggling about of similar triangles as shown in Fig. 
19-11B and following a procedure similar to that which led to a rela- 
tionship among p, q, and f for spherical mirrors, we can derive what 
turns out to be the identical relationship applicable to lenses: 
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Diverging 


FIG. 19-11 Focal points and image formation by converging and diverging lenses. 


In order to establish a convention for + and — signs, look carefully at 
Fig. 19-11B, which is an “all +” diagram. The light proceeds from left 
to right; the object distance p, to the left of the lens, is positive, and the 
image distance q, to the right of the lens, is also positive. Since the lens 
is converging, f also is positive. Figure 19-11D shows the formation of 
a virtual image by a diverging lens; f is negative, but since the object 
is to the left of the lens, p is positive. Since the virtual image is to the left 
of the lens (on the opposite side from the image in our “all +” Fig. 
19-11B), q is negative. 

The graphical construction of images is as simple for lenses as for 
mirrors. In Fig. 19-11B, we can pick two of the infinite number of rays 
we could draw emerging from O. One ray, parallel to the axis, will be 
refracted to pass through the principal focus. The other we can draw 
through the center of the lens. At this point the glass surfaces on both 
sides of the lens are parallel, and since in this elementary work we must 
confine ourselves to thin lenses, the ray passes through this center point 
without any deviation. To an observer on the right, the rays look as 
though they were coming from the real image 7, where the rays intersect. 

The ratio of image size to object size is, of course, what we call the 
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magnification, and a look at the similar triangles in Fig. 19-11B will show . 
that 


M 24. 
p 


We should note that here, with both p and q positive, M is also positive, 
and we see that the image is inverted. In Fig. 19-11D, since p is positive 
q is negative, M is negative, and the image is erect. This relationship 
between the sign of M and the orientation of the image is a useful rule. 

As an example, let us consider a simple camera with a lens of 50-mm 
focal length. When a picture is taken of an object at a great distance, the 
rays from any one point on the object come into the lens almost parallel, 
and are focused on the film at the principal focus 50 mm behind the 
lens. For an object 1 m (1000 mm) from the lens, however, the image 
distance will be somewhat greater. Substituting numbers into 


Dos 
p'a J 
we get 
RERA WNN 
i000 * g 50 
and 
A 0020. 0.00): = 0.019. 
qi 90 AA 
so that 
q = 52.6 mm. 


Thus, in order that the image of nearby objects may fall exactly on the 
film, we need to focus the camera by increasing the distance between 
film and lens. j 

Again, suppose we want to focus the image of a flag on a wall 10 ft 
(120 in.) away from it, and suppose we have a converging lens with 
a focal length of 24 in. Where must the lens be placed? Figure 19-12 
illustrates the problem, and to solve it we must note that q — 120 — p 
(or p = 120 — q; either way will lead to the same solutions). Then 


JUS 
. pü20—p) 24 
p^ — 120p + 2880 = 0 
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FIG, 19-12 Image formation by a converging lens. The image is reversed left and right 
and is also upside-down. 
and 
_ 120 +-V/14,400 — 11,520 
24 
. 120 + y2880 
2 
. 120 + 53.7 
2 
= 868in or 33.2 in. 
From this, we see that there are two possible locations for the lens. One 
will give a magnified image, and the other will produce an image smaller 
than the flag. 
19-9 Figure 19-13A indicates a problem that at first glance seems quite 
Lens : b- complicated—where will this system of three lenses form an image 
Combinations of O, and what will be the total magnification? Like many other prob- 


lems in physics, a seemingly complicated question turns out to be no more 
than a series of simple questioris. Let us take the lenses one at a time. 
For lens 1, 1/p, + 1/g, = 1/f, becomes (Fig. 19-13B) 


and 
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0 f=+6 f——6 f=+12 


FIG. 19-13 Image formation by a series of lenses. 


This image formed by the first lens serves as the object for the second lens, 
no matter if the image is real or virtual, or whether or not the second 
lens blocks the rays from ever forming the image at all. 

Some adding and subtracting of distances shows that 7, falls at a dis- 
tance 4 units to the right of lens 2 (Fig. 19-13C) and becomes a virtual 
object VO; for the second lens. Since VO; is to the right of lens 2, p is 
negative, and we have 


nL ge ASH 
-4 q :—6 
q = +12. 


We then make J,, the image formed by the second lens, the object for 
the third lens (Fig. 19-13D) and get 


366 
Light Rays 


(19-1) 


(19-3) 


(19-4) 


The final image, then, is formed 4 units to the right of the third lens. To | 
find the total magnification, we need only multiply together the mag- 
nifications for each of the separate lenses: 


Di Pz Ps 
18502-50452 
Bic m3 


Hence the final image will be 4 the length of the original object, and as is. i 
apparent from the drawings and from the sign of the total magnification, 
will be real and inverted. 


Questions 


1. How far away is the Andromeda galaxy? i 
2. In Galileo’s experiment on the velocity of light, suppose that (due to the 

inevitable human reaction time) there was a half-second delay between the 

assistant’s perception of the flash, and his opening of the shutter. If the two 

experimenters were, say, 2 mi apart, why did Galileo not conclude the speed of 
light to be 8 mi/sec? What further experiments would have eliminated (and 

undoubtedly did eliminate) this erroneous conclusion? 

3. If one used a distance of 10* m and a 300-tooth wheel in an experiment 

similar to that shown in Fig. 19-2, how fast would the toothed wheel have to 

rotate, in rev/min? 

4. In an experiment like that shown in Fig. 19-2 the distance was 8000 m, the | 
wheels had 360 teeth, and rotated at a speed of 1530 rev/min. What value would 
this give for the speed of light? 

5. A man wants a mirror on a wall, in which he can see his full length. How 
long must this mirror be? (Consider the man to be a straight line 6 ft tall, with 
his eye 6 in. down from the top). 

6. In Question 5, just how far up from the floor should the bottom of the 
mirror be placed? Does it make any difference how far the man stands from the 
wall? 

7. Consider two plane mirrors, one on each wall, butted together in a corner | 
of a rectangular room. Place an object near the corner between the mirrors, 
and sketch the images that would be formed, by both single and double re- 
flections. (Hint: an image of an image.) 

8. A man has a blue left eye and a brown right eye. When he looks in his 
shaving mirror, he sees an image that has a brown left eye and a blue right eye. 
How would his image appear to him if he looked in the mirrors of Question 7, 
from a distance great enough that he could not see the single reflections? 

9. Take a concave mirror of 6-cm focal length. Compute the image distance 
when an object is placed at the following distances in front of the mirror 
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(19-5) 


(19-6) 


(a) Very large, (b) 48 cm, (c) 16 em, (d) 12 cm, (e) 6 cm, (f) 4 cm, (g) 2 cm. 
Which of these images are real, and which are virtual? Which are erect and 
which are inverted? 

10. The same as Question 9, except that the mirror is convex. 

11. A concave mirror has a radius of curvature of 24 in. (a) How far from 
his face should a man hold this mirror if he wishes the image to be formed 
12 in. behind the mirror? (b) Will this image be real or virtual? (c) Will it be 
erect or inverted? (d) If his nose is 3.6 cm long, how long is its image? 

12. A concave mirror has a radius of curvature of 36 in., and a man holds it 
12 in. away from his face to examine himself. (a) Where is the image of his 
nose formed? (b) Is this image real or virtual? (c) If his nose is 14 in. long, how 
long is its image? (d) Is the image erect or inverted? Construct the image 
graphically, as well as making analytical solutions. 

13. A man holds a convex mirror whose radius of curvature is 48 cm. How 
far from his face should he hold it to make his image appear to be 7.2 cm 
behind the mirror? 

14. A polished reflecting sphere 1 ft in diameter is lying on a lawn. A worm 
crawls toward it. How far from the surface of the ball is the worm when his 
image appears to be 2 in. behind the ball's surface? 

15. A light ray makes an angle of 60° with the normal to the surface of a 
cubical flint glass paperweight. What is its angle of refraction on passing into 
the glass? 

16. A ray of light (in air) strikes the surface of a pool of water with an angle of 
incidence equal to 45°. What is the angle of refraction of the ray into the water? 
17. A rectangular tank is half-filled with carbon tetrachloride (n = 1.47), 
and the top half is filled with water. A ray passing downward through the 
water strikes the boundary between the liquids at an angle of incidence of 48°. 
At what angle will it travel in the carbon tetrachloride? 

18. In the tank of Question 17, a ray directed upward in the carbon tetra- 
chloride strikes the boundary at an angle of incidence of 28°. What will be its 
angle of refraction into the water? 

19. 4 ray of light strikes a thick parallel-sided glass plate with an angle of 


- incidence of 50°. (a) What is its angle of refraction in the glass? (b) What angle 


does it make with the normal to the surface when it emerges into the air again? 
e glass has an index of refraction of 1.60). 

O. A thick parallel-sided slab of glass (n = 1.60) is submerged in water. A 
light ray in the water strikes the slab with an incident angle of 40°. (a) What - 
is its angle of refraction in the glass? (b) What is its angle of refraction from 
the glass out into the water again? 

21: The angle between the two refracting faces of a prism is 45°; a ray strikes 
the first face with an angle of 30° between the ray and the surface, qualitatively 
similar to Fig. 19-Q23. What is the angle between the ray and the second 
surface when the ray emerges into the air? (n = 1.600). 

22. A ray strikes a 60°-60°-60° prism with an angle of incidence of 45°, 
qualitatively similar to Fig. 19-Q23. The index of refraction of the prism is 
1.500. What is the angle of refraction of the ray into the air after passing 


through the prism? 
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FIG. 19-023 


23. A ray of yellow light is to pass symmetrically through tne prism snown 
in Fig. 19-Q23; that is, the ray AB in the glass is to be parallel to the base of 
the prism, from which angle r^ must be equal angle i. What must be the angle 
of incidence i if the index of the glass for the yellow light is 1.650? 

24. Same as Question 23, with a prism whose angles are 75°-75°-30°. 

25. What is the deviation of the ray in Question 23? 

26. What is the deviation of the ray in Question 24? 

27. What is the critical angle for total internal reflection for a ray in glass of 
n = 1.56, if (a) air is on the other side of the glass? (b) alcohol is on the other 
side of the glass? 

28. A ray in carbon tetrachloride (n = 1.47) is directed upward to the surface 
of the liquid. What is the critical angle for the ray, if (a) there is air above the 
carbon tetrachloride? (b) if there is water above it? 

29. A 60°-60°-60° prism is made of glass with an index of refraction of 1.414. 
What must be the angle of incidence of a ray that will be totally reflected at C, 
as sketched in Fig. 19-Q29? 

30. A ray is to be totally reflected from the base of a 60°-60°-60° prism, as 
shown in Fig. 19-Q30. What is the maximum allowable angle of incidence? 
(n = 1.500.) 

31. Same as Question 9, but for a converging lens of 6-cm focal length. 

32. Same as Question 9, but for a diverging lens of f = —6 cm. 

33. A telephoto lens for a small camera has a focal length of 40 mm. How 
many millimeters must it be moved out from its “‘infinity-focus” position to 
focus on an object 5 m distant? 

34. The lens of a small camera has a focal length of 35 mm. How many 
millimeters must it be moved out from its "'infinity-focus" position in order to 
focus on an object 2 m from the lens? 

35. In a movie or slide projector, the brightly illuminated film serves as 
object, and a lens forms its image on the screen. If the image on the screen is 
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(19-9) 


FIG. 19-029 


to be 16 times as large as the film in linear dimension (it would have an area 256 
times as great) when the screen is 12 ft from the projector lens, what must the 
focal length of the projector lens be? 

36. The lens of a slide projector has a focal length of 4 in. If the linear di- 
mensions of the image on the screen are 24 times as large as the film, (a) how 
far from the film must the.lens be and (b) how far from the lens must the 
Screen be placed? 

37. Light from a distant object passes through a converging lens (f — 8 in); 
2 in. beyond this lens is a diverging lens (f = —9 in.). Where will the image be 
formed? 1 

38. A diverging lens (f = —10 cm) is placed 6 cm beyond a converging lens 
whose focal length is 12 cm. Where will the image of a distant Object be formed? 


FIG. 19-030 
sume: er i y PET 
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39. Parallel light from a distant object falls on a converging lens (f = 6 in.) 
How far beyond this first lens should another converging lens (f = 9 in.) be 
placed so that the light beyond the second lens is again parallel? 

40. Parallel light from a distant object falls on a diverging lens (f = — 10 cm). 
How far beyond this lens should a converging lens (f = 25 cm) be placed so 
that the light beyond the converging lens is again parallel? 

41. A converging lens, f = 40 cm, is immovably fixed 40 cm in front of a 
screen. It is desired to focus on the screen the image of an object 120 cm in 
front of this lens. You have another lens of f = 40 cm available. Where can 
you place it in order to achieve the desired results? (There are two answers 
to this problem.) 

42. A converging lens (f = 8 in.) is permanently fixed 8 in. from a bright 
object; 12 in, beyond this lens is a screen upon which a real image of the object 
is to be formed. You have another converging lens (f = 6 in.); where should 
this second lens be placed in order to form the desired image? (There are two 
answers to this problem.) 


20-1 : 
Why is Light 
Refracted ? 


Why do light rays change their direction when they travel from air into 
water or glass? This question has an important bearing on the problem 
of the nature of light. Sir Isaac Newton believed that a light beam repre- 
sents a swarm of tiny particles that are emitted from light sources and 


fly at high speed through space. He visualized the refraction of light 


rays entering any material medium as being caused by a certain attrac- 
tive force acting on the particles of light when they cross the surface of 
a material body (Fig. 20-1A). The vector diagram illustrates Newton's 
idea of refraction. In it, v4 Tepresents the velocity of the light in air, and 
‘Ao is the increase in velocity due to the attractive force at the boundary. 

The resultant velocity of the particles in glass is given by vg, which differs 
from v, in both magnitude and direction, It is important. to realize that, 

according to Newton’s views, the velocity of light in substances with a 
high refractive index should be larger than the velocity of light in air 
or in a vacuum, because the force pulling the light particles into the 
denser materials adds to their velocity. 
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FIG. 20-1 Newton's and Huygens’ explanations of the refraction of light. ® 


Newton’s views were opposed by the Dutch physicist Christian Huy- 
gens (1629-1695), who believed light to be a wave motion in a certain 
all-penetrating medium (“world ether”) and the propagation of light 
to be similar to the propagation of sound waves through the air. It is - 
interesting to notice that the explanation of the refraction of light 
based on Huygens’ ideas leads to conclusions concerning light velocity 
in dense media that are directly opposed to those reached by Newton. 
To understand it in a simple way, let us substitute, for successive waves 
of light approaching the surface of the glass, successive ranks of a march- 
ing band. A part of their practice field, however, has been plowed, and 


. as the ranks of the band cross the boundary from smooth grass to 


The marchers should.all be moving downward and to the right. parallel to the 
blue lines. $ 


373 
Light Waves 


plowed ground, their steps become shorter and their speed is reduced. 
If they enter the plowed area at an angle, as in Fig. 20-1B, the direction 
of march will inevitably be changed, and the slowermoving ranks of the 
band will find themselves closer together. 

We can analyze this quantitatively by using Huygens' principle that 
each point on a wavefront could itself be considered a source of further 
waves. Figure 20-2 shows a sezies of wavefronts traveling in the direc- 
tion of the heavy dashed line. At point A, one of the wave fronts is just 
entering the glass, and another point B on the same wavefront is only 
one wavelength away. During the time that B travels to C, the dis- 
turbance at A will have traveled in the glass a shorter distance AK, 
and the wavefront in the glass will be represented by KC. Since BC and 
AK were covered in the same length of time, the velocities in the two 
media are in the same ratio as these distances, or 


2a BC 
vg AK 


From the drawing, it is plain that AK = ACsin r and that BC = ACsini 
so we have 
v, | ACsini sini _ 


ug  ACsinr  sinr 


We thus see that, according to the wave theory, the index of refraction 
actually represents the ratio of the velocities of light in the two media 


concerned. We know, for example, that the speed of light in air or 


FIG. 20-2 Wave fronts entering glass from air. 


E 
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20-2 
Young's Two-Slit 
Interference 


vacuum (n = 1.00) is 3 x 10*° cm/s; therefore, in diamond (n = 2.42), 
the speed of light is 3 x 10*°/2.42 = 1.24 x: 10!? cm/s. 

" No amount of theoretical reasoning was able to settle the difference 
between the particle theory and the wave theory. The choice necessarily 
depended on experimental evidence, and in 1850 the French physicist 
Jean Foucault used a rotating-mirror modification of Fizeau’s experi- 
ment to measure the speed of light in water. He found it to be substantially 
less than the speed of light in air. This single crucial experiment settled 
the century-old uncertainty: Huygens’ wave ideas had been right, and 
Newton's particle theory was wrong. 


The wave theory for light was satisfactory in explaining both refraction 
and reflection. (Figure 8-9 shows the formation of an image by the 
reflection of waves from a plane surface.) The authority of Newton was so 
powerful, however, that many scientists held to the particle idea until 
well into the nineteenth century. 

In 1802, the English classical scholar, scientist, and engineer, Thomas 
Young (whose name was given to Young's modulus) performed his two- 
slit experiment. This experiment, using light rather than surface water 
waves, was similar to that shown in Fig. 8-13B, in which two openings 
in a breakwater serve as separate sources to produce an interference 
pattern. 

Light is composed of trains of transverse waves called photons, emitted 
one photon at a time by separate individual atoms in the source. The 
photons are of course not synchronized with each other, and if we tried 
to observe interference effects from two different ordinary sources, We 
could see none at all. The only way to observe light interference in this 
way is to let the waves of each photon interfere with themselves. In this 
way, perfect synchronization is guaranteed. 

Figure 20-3 is the same as Fig. 8-14, and shows a source of mono- 
chromatic light (i.e., light that is all of the same wavelength) illuminating 
a slit, from which light spreads out to strike two other slits, S, and S2. 
Each photon that strikes the first slit may be considered to strike S, and 
S; simultaneously, and from S, and S, waves fan out that are accurately 
in phase with each other. For the sake of clarity, waves have been graph- 
ically indicated as traveling along straight rays to points A, B, and [^ 
on a screen or a piece of photographic film. Point A is equidistant from 
S, and S,;so that the waves starting together from the two slits arrive 
exactly in phase at A, and in this manner reinforce each other to produce 
a bright illumination. Point B on the drawing was selected so that it is 
half of a wavelength, 2/2, farther from S; than from S,. Waves starting 
out in phase will thus arrive at B exactly out of phase and will annul 
each other, so that B remains dark. Point C is just A farther from Sy 
than it is from S,, so when the waves arrive at C, they are shifted one 
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FIG. 20-3 Light and dark bands on a screen, formed by the interference of light coming 
from two closely spaced slits. 


wavelength with respect to each other. This puts them in phase, and C is 
bright. 

Such reasoning can be continued and we can make a general state- 
ment that any point that is an odd number of half-wavelengths closer 
to one slit than the other will be dark; any point that is the same dis- 
tance from both slits, or from which the distances to the slits differ by 
an integral number of whole wavelengths, will be of maximum bright- 
ness. Young's experiments demonstrated these interference patterns, and 
although there were some holdouts among scientists for several decades, 
they finally brought the particle theory of light to an end. (This is not 
quite true; in recent years, light has been found to have some aspects 
resembling those of particles, but in an entirely different sense than that 
which Newton had in mind. We will look into this a few chapters further 
along.) 

Interference methods provide a direct way of measuring the wave- 
lengths of light of different colors. If the slits are illuminated with blue 
light, the pattern of light and dark bands will be much more closely 
spaced than if they are illuminated with red light. This demonstrates that 
blue light has a shorter wavelength than red light. The shortest wave- 
length visible to human eyes is about 4 x 1075 cm and is beyond the 
blue color into the violet. The longest wavelength that human beings can 
see, a deep red, is about 7.5 x 1075 cm. Because they are so short, 
wavelengths of visible and near-visible light are often expressed in 
angstroms (À) or in nanometers (nm). One angstrom equals 1078 cm, 
and a nanometer is 107° m. In these units, we can say that the visible 
wavelength range is from 4000 to 7500 À, or from 400 to 750 nm. 
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FIG. 20-4 Interference patterns and the wavelengths of light. 


As an example of how a pair of slits might be used to determine the 
wavelength of some particular color of light, let us turn to Fig. 20-4 
for the geometry of the arrangement. The two slits S, and S, are separated 
by a distance s. They are illuminated from a single slit or other small 
source of monochromatic light somewhere off to the left of the drawing, 
which is not shown. If we assume that the incoming waves strike S, 
and S; simultaneously, we may mark point B, on the screen, directly 
opposite point O, midway between the slits. Therefore B, is equidistant 
from S, and S, and no matter what wavelength strikes the slits, it will 
generate wave trains from S, and S, that will arrive at By in phase and 
therefore reinforce each other to produce a bright line there. 

Now let us move down (or up) the screen to point P, a distance y 
from By. As we do do, we mark point A on the line S,P, so that AP = 
SP. The path from S, to P is longer than the path from S, to P by thé 
distance 5,4, which we can refer to by the single letter d. If d is equal to 
any integral number of wavelengths, waves from S, and S, will arrive 
in phase, and P will mark a location of maximum brightness. If d is 
equal to any odd number of half-wavelengths (4, 3. 2, etc.), the waves 
will arrive exactly out of phase, and P will mark a dark line on the screen. 

As Fig. 20-4 has been drawn, OB, is perpendicular to S,S,; OP is 
perpendicular to AS,. Elementary geometry (or éven elementary com- 
mon sense reasoning, on which geometry is based) then shows that 
angles S,S,A and POB, are therefore equal. The careful geometer will 
see that triangle S55, 4 and triangle OB,P are not quite similar, but he 
will also agree that the deviation from exact similarity is too small to 
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Single-Slit 
Interference 


bother about when s is long in comparison with d, or / is long in compari- 
son with y, as is nearly always the case. Accepting this similarity of 
triangles, then, we have 


As an example, let us suppose that we have a pair of slits whose separa- 
tion is 6.1 x 107? cm and that they are mounted 25 cm in front of a 
photographic film. The slits are illuminated by monochromatic light 
and after a proper exposure, the film shows a series of bright bands 
spaced 0.21 cm apart. Although the bands are evenly spaced and it 
makes no difference which pair we choose, let us follow Fig. 20-4, and 
choose the central bright band B, and one of its nearest bright-line neigh- 
bors B,, which will be just y = 0.21 cm away. Since B, is bright, d is 
exactly one wavelength, and 


3 
ge din Ye SNK NOT 021 rx 10-50m 


or 
A= 5.1 x 1075 x 10% = 5100 Å. 


In the preceding section on two-slit interference, the slits were merely 
assumed to be quite narrow. The necessary width of a slit does, however, 
produce interference effects of its own, which can be seen readily by 
allowing light to fall on a single slit. 

Figure 20-5 shows a wave train of wavelength 4 falling on a single slit 
whose width is s. Beyond the slit at a distance / is a screen that will be 
illuminated by the light passing through the slit. In order to find how this 
illumination will be distributed, let us imagine the slit to be subdivided 
into a large number of narrower “‘slitlets”; on the drawing it has not been 
practical to show more than eight. By Huygens’ principle, we can use 
each slitlet as an independent source of light waves, At the central bright 
band on the screen, waves from 1 and 8, 2 and 7, 3 and 6, 4 and 5 each 
have the same distance to travel so they arrive in phase and reinforce. 
The distance from 1 and 8 is only a fraction of a wave longer than the 
distance 4 and 5, so all the pairs are also nearly in phase with each other, 
and the central region on the screen is quite bright. 

Now let us consider the point on the screen that is one wavelength 
farther from 1 than it is from 8. At this point, the waves from 1 will be a 
half-wavelength behind the waves from 5, so the waves from this pair of 
slitlets will annul each other. The same is true for the pairs 2-6, 3-7, and 
4-8, with the result that this point on the screen will be dark. The same 
sort of reasoning can be applied to other locations where the path 
difference is 2A, 3A, etc. 
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FIG. 20-5 Interference pattern produced by a single slit. 


As shown by the graph of light intensity on Fig. 20-5, nearly all the 
light is confined to the central band. The width of the band is 2y, and 
from the same geometry as in Fig. 20-4, we have 


Unlessthe slits are very narrow (in which case little light comes through 
them), two-slit interference patterns are often a composite of the inter- 
ference from the two slits, overlaid by the single-slit pattern of the slits 
themselves. Figure 20-6A shows the interference pattern from a single 
wide slit; Fig. 20-6B is the wider pattern of a narrower slit. Figures 20-6C 
and D show the bands of light from a pair of wide and of narrow slits, 
each pair being spaced equally. The brightness of the bands—or fringes— 
can be seen to vary with the corresponding single-slit effect that overlays 
them. 


The idea of the interference of water waves can be extended to a very 
long breakwater with many openings in it. This is analogous to the effect 
of an optical grating on light waves. We can make a transmission grating 
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FIG. 20-6 Complex pattern produced by the superposition of single-slit and double-slit 
interference patterns. 


from a piece of glass on which we have scratched a large number of 
fine parallel grooves. When placed in a beam of light, the glass will 
transmit, i.e., let pass through, only the light that falls on the smooth 
unscratched strips between the grooves. A reflection grating works in a 
similar manner by reflecting light from the smooth sides of accurately 
shaped grooves in the surface of a metal mirror. With modern techniques, 
we can make gratings of several thousand scratches per millimeter. 
Such original gratings are very expensive and are ordinarily used for 
only the most important and delicate research. It is possible to take 
impressions in plastic from an original grating. These may be nearly 
as accurate as the original, much cheaper, and satisfactory for many 
purposes. 

Figure 20-7A shows the wavefronts of a beam of light of wavelength 
À falling on a-transmission grating. The grating spacing, which is the dis- 
tance between lines or scratches, is s. By Huygens' principle, each line 
of the grating will serve as a source of new waves spreading out to the 
right of the grating. For the particular wavelength A, there will be a 
particular direction, deviated by the angle 6,, in which the waves from 
each slit will be exactly one wavelength ahead or behind the waves 
originating in the adjacent slits. Accordingly, in this direction, all the 
waves from all slits will be in phase with each other. 

The direction 0,, in which the light from each line is just one wave- - 
length 4 ahead or behind the waves from adjacent slits, is the direction 
of the first-order spectral line of wavelength 4. In Fig. 20-7A, we can 
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FIG. 20-7 The direction in which a grating reinforces light that falls on it depends on the 
wavelength of the light. The longer the wavelength, the greater the angle of deviation— 
the reverse of the behavior of a prism. 


see another direction 0;, in which the waves from each grating line are 
24 ahead or behind the adjacent waves. This is the direction of the 
second-order spectral line of wavelength A. 
The small triangle marked ABC in Fig. 20-7A enables us to derive 
a simple relationship that determines the angle of deviation 0 for any 
wavelength. Angle BAC equals 0,, and since the direction of propagation 
BC is perpendicular to the wavefront AC, angle ACB is a right angle. 
We can thus write 
BC 


sin 0, iod 


` But BC = 4, the wavelength of the light, and AB is s, the grating spacing. 


Accordingly, 


sin 0, = 
For the second-order direction, it is apparent that 
sindicos, 
s 


Figure 20-7B shows light of longer wavelength striking the same 
grating. Analysis will show that since 4' is greater than 4, 0' must be 
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Thin Films 


greater than 0. In other words, in a grating spectroscope, the longer 
wavelengths are deviated more than the shorter wavelengths. (The 
opposite happens when light passes through a prism.) ; 


If you refer back to Fig. 8-2 and 8-3, you will remind yourself that a 
transverse wave in a rope is reflected on the same side when it meets a 
junction with a rope of smaller linear mass; at a junction with a rope of 
larger linear mass (a rigid support is essentially m, = oo) the reflection is 
on the opposite side. The same thing is true of light waves when reflected, 
or partially reflected, from the surface of a medium of lower or higher 
index of refraction. 

Figure 20-8 shows an incoming wave in air striking a thin sheet of 
some material whose index of refraction is greater than the n = 1.00 of 
air. The wave is partially reflected from the top surface, with the wave 
reversed. The incoming wave is also partially reflected from the bottom 
surface; here, because it is about to enter the air, of smaller n, the re- 
flected wave is not reversed. As indicated in Fig. 20-8B and C, the reversal 
of a sine wave is exactly equivalent to a 4/2 shift, or path difference. 

Now let us check the phase relationship of the two reflected waves. 
The thin sheet or film has a thickness of 2 of the wavelength in the material, 
which is of course 1/n x Air The bottom reflection has had an extra 
path length of 34/2 + 34/2 = 3 wavelengths, referred to the top re- 
flection. The upper reflection has had a reversal, equivalent to a shift of 


FIG.20-8 Interference between waves partially reflected from top and from bottom of a 
thin film in air. 
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4/2, which makes the total path difference 3 + 4, to put the two re- 
flections exactly out of phase, so that they annul one another. In this case, 
there will be no perceptible reflection from the thin film. If the film were, 
say, 54/4 thick, the phase difference between the two reflections would be 
54/4 + 54/4 + A/2 = 24 or 34, which would put them exactly in phase, 
and we would have a maximum reflection as a result of their reinforce- 
ment. We can extend this by saying that if the film (with a material of 
lower n beyond each surface) has a thickness of any integral number of 
half-wavelengths, the reflection of that wavelength will be a minimum 
or zero; if the thickness is any odd number of quarter-wavelengths, the 
reflection of that wavelength will be a maximum. 

Let us see the result of this sort of interference on the light reflected 
from a similar film of varying thickness—say, a sheet of soapy water 
across the mouth of a drinking glass lying on its side. The weight of the 
water will cause the film to drain downward, so that the top becomes 
thinner and the bottom, thicker. This is sketched in Fig. 20-9. Assume 
the wedge to be illuminated by white light coming in from right to left. 
White light is composed of waves of all visible wavelengths; the com- 
bined effect of all these colored stimuli on our retinas produces the sensa- 


FIG. 20-9 Production of colors from white light reflected from a wedge-shaped film. 
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tion of *white", as we will discuss further in a later chapter. From the 
white light, let us choose the component of A = 480 nm, which alone 
would produce the sensation of “blue.” Figure 20-9A gives the thickness 
of the wedge of film in terms of the corresponding wavelength in the film, 
480/1.35 — 356 nm, where 1.35 is the index of refraction of the film. 
Since air is on both sides, only the first reflection will be reversed. This 
single reversal (+A/2) plus twice the film thickness (t) puts the two 
reflections out of phase at t = 0, 4/2, etc., where no blue color is reflected. 
At t — 4/4, 34/4, etc., the two reflections are in phase to give a maximum 
blue reflection. 

The drawing also shows the alternating bands of maximum and mini- 


mum reflection for 1 = 580 nm (yellow) and A = 680 nm (red). Because 


of their longer wavelength the spacing of these bands is wider. If we look 
at the reflection of white light from this wedge, we would see a complex 
mixture not only of the three wavelengths illustrated, but of all wave- 
lengths in the visible range (approximately 400 to 750 nm), each with its 
own different spacing of maxima and minima. Where the tapered film 
is about 520 to 530 nm thick, we have nearly zero reflection for the 
blue and red, and nearly maximum for the yellow light, to ‘give the 
reflection a yellow color at this point. 

This effect is often seen when a thin oily film floats on water; the 
changing colors indicate the changing thickness of the oil film. Soap 
bubbles also show definite coloration that varies with the thickness of 
the film. Opals and mother-of-pearl show iridescent colors caused by 
reflection from the upper and lower surfaces of thin mineral layers. 
In the animal world, the colors of many feathers (a peacock's tail, for 
example) and of butterfly wings result from similar reflections from thin 
plates of nearly transparent material. 


All the interference effects we have considered so far could be produced 
equally well by either transverse or longitudinal waves. Experiments by 
Thomas Young and others early in the nineteenth century showed that 
light waves must necessarily be transverse. These experiments dealt with 
polarization, which is not possible for longitudinal waves. Figure 20-10A 
shows a pair of crystals of the mineral tourmaline (or it could be another 
of the many minerals that show this same property). About half of the 
light passes through the first crystal and if the second is properly oriented, 
if absorbs no further light. This is understandable in terms of the analogy 
of the slat-back chairs and transverse rope waves shown to the right of the 
crystals. If either of the tourmaline crystals is rotated through 90°, 
however, all the light is stopped. It is apparent that the slots in the chair- 
back allow only vertical components to, pass—a wave whose plane was 
at 45°, for example, would partially pass through the slot as a vertical 
wave of 0.707 (sin 45° = 0.707) times its original amplitude. Horizontal 
motion cannot be transmitted. Such crystals as tourmaline have different 
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FIG. 20-10 “Polarization” of transverse waves along a rope, as an analog to polarization 
of light waves by certain crystals. 


properties in different directions, so that the components of light waves 

in one direction are passed ; components at right angles to this direction 

are absorbed. Iodo-quinine sulfate has optical properties similar to 

tourmaline. The familiar *Polaroid" is composed of billions of tiny 

needle-shaped crystals of iodo-quinine sulfate imbedded in a sheet of 

plastic with their long axes all parallel. Light passing through a sheet of 

~ Polaroid is almost completely polarized. 

Iw: 1 Although our eyes cannot detect it, a great deal of light we ordinarily 
n see is also polarized, but by a different mechanism. Figure 20-11 shows a 
unpolarized ray striking the surface of a nonmetallic, nonconducting 

material; in this example, glass of — 1.60. A part of the light—generally 

a few percent—will be reflected at the surface, and the remainder will be 

refracted into the glass. Unless the tay happens to be exactly perpendic- 

ular to the surface, the reflection will be at least partially polarized. 

When the angle of incidence is Brewster’s angle (this is tan i =-ng,), the 

reflection is completely polarized, with the waves parallel to the surface, 

as shown. In the case illustrated, Brewster’s angle is the angle whose 

tangent is 1.60 = 58°. The refracted ray transmitted into the glass is 

just partially polarized; it has lost only the reflected vibrations, so it has 
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FIG. 20-11 Polarization of light reflected from a non-metallic surface. 


only a slight excess of vibrations in the plane perpendicular to the surface. 

Sunlight, or artificial light, reflected from water, paper, glossy print, 
etc., thus contains what we call “glare,” which is at least partially polar- 
Den Polaroid sunglasses, with their imbedded crystals properly oriented, 
will selectively absorb much of this glare. 


Michael Faraday, in the course of his far-ranging experimentation, made 
an odd discovery: Glass, which does not ordinarily polarize rays trans- 
mitted through it, does become slightly polarizing when placed in a'strong 
magnetic field. He accordingly speculated that light might be in some way 
associated with electric and magnetic fields. Faraday was not a mathema- 
tician, and was not able to carry his ideas any further. 

Twenty years later, however, in 1865, James Clerk Maxwell succeeded ` 
in putting Faraday’s ideas into mathematical form. His equations, dealing 
with the relationships between charges and currents and electric and 
magnetic fields, led to the conclusion that if the proper sort of electro- 
magnetic disturbance were tó exist, it would propagate itself through 
space at a speed of 3 x 10° m/s. This value for the speed was arrived at 
purely through the relationships between electric and magnetic measure- 
ments, and nothing about light had been used in its derivation. Further- 
more, Maxwell’s theoretical waves were composed of nothing but 
electric and magnetic fields at right angles to each other and to the direc- 
tion of their propagation (Fig. 20-12). They were therefore transverse 
waves, as required to explain polarization. 

The agreement between Maxwell’s calculations and the properties of 
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FIG. 20-12 A section of a light wave, or any other electromagnetic radiation, composed 
of oscillating electric and magnetic fields at right angles to each other, and to the direction 
of propagation of the wave. 


light was too much to pass off as coincidence. Maxwell and his contem- 
pories were convinced that light must indeed be electromagnetic waves. 
But scientists are never satisfied with a theory until it is put in some physi- 
cal form that can be observed and measured. 

Maxwell's equations did more than predict the existence of electro- 
magnetic waves—they also showed that these waves should be generated 
by accelerated electric charges. In 1887 a German physicist, Heinrich 
Hertz, built apparatus to actually demonstrate electromagnetic waves. 
His equipment produced a very-high-frequency alternating current, in 
which electrons oscillated back and forth millions of times a second, 
undergoing high accelerations. As predicted by the theory, these accel- 
erating electrons radiated electromagnetic waves that Hertz was able to 
pick up at considerable distances with a primitive form of radio receiver. 
Although these radiations were not light, they served to show that 
Maxwell's electromagnetic waves really existed, and were not just a 
“paper theory.” 

Electromagnetic radiation was eagerly studied in the years following 
Hertz's experiments. As scientists made new discoveries in many fields, 
new frequency ranges of electromagnetic waves were detected—all 
traveling in vacuum at the same theoretically predicted speed of 3 x 
10? m/s. 

Table 20-1 gives some indication of the wide range of these frequencies. 


In Section 5 of this chapter (Thin Films) it was noted that light of 
A = 480 nm gave the visual reaction of blue; 580 nm, yellow; and 680 nm, 
red. It is easy to send a narrow beam of white light against a prism, as in 
Fig. 20-13. After passing through the prism, the light falls on a screen, on . 
which we see a continuous spectrum of colors, which we can roughly 
describe as violet, blue, green, yellow, orange, and red. Just where to 
put the dividing line between blue and green, say, is a matter of subjective 
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TABLE 20-1 ELECTROMAGNETIC RADIATION 
Name Frequency Range (Hz)* How Produced 


60 cycle 60 The weak radiation from our 
alternating-current circuits 
Radio, radar, and TV 105-1019 Oscillating electric circuits 
Microwaves 10?-10!2 Oscillating currents in special 
: vacuum tubes 
Infrared 101-4 x 10!* Outer electrons in atoms and 
molecules 


Visible 4 x 1014-8 x 10!* Outer electrons in atoms 


Ultraviolet 8x 10:107 * Outer electrons in atoms 


X rays 1015-1029 Inner electrons in atoms, and 
sudden deceleration of high- 
energy free electrons 


Gamma rays 1019-1074 Nuclei of atoms, and sudden 
deceleration of high-energy 
particles from accelators 


* The hertz—abbreviated Hz—means ‘cycles or vibrations per second. lts use not only 
saves time and trouble, but honors a great scientist. 


interpretation, and varies with individuals. As a rough guide, the follow- 
ing table serves to give the wavelengths of the colors: 


Violet 400-450 nm 


Blue 450-500 4 
Green . 500-570 » 

Yellow 570-590 

Orange 590-620 


Red 620-750 


From earliest childhood, we all are so accustomed to the blue color of 
clear sky that it seldom occurs to us to wonder why this should be so. 
We see the sun, and it is easy to visualize the rays coming from the sun 
into our eyes. We see the shadows of trees and buildings, and it is also 
easy to visualize the sun’s rays that mark the shadow edges. But in 
the sky, where there are no such markers to make them visible, it is all 
too easy to forget that the direct rays of the sun are also passing through 
every cubic millimeter of the atmosphere, wherever we choose to look. 

The sky looks bluest when it is cleaned of dust and smoke, as it often 
is after a good rainstorm. It is also then very transparent—but not quite 
perfectly transparent! The molecules of the air present tiny obstacles to 
the free passage of the light. We can picture some of the light bouncing 
off these molecular obstacles in all directions—in other words, some of 
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FIG. 20-13 Dispersion of white light into its component visible colors, by a prism. 


the incoming light from the sun is scattered by the air molecules. Now 
for reasons that are too mathematical for us to go into here, light of short 
wavelength is scattered much more than light of long wavelength so that 
the blue end of the spectrum is more susceptible to this scattering than 
the red end. Thus, wherever we look in the sky, we see the blue light that 
has been scattered out of the white sunlight passing through it. 

Big particles such as dust and the water droplets that form clouds— 
enormously larger than the molecules of the air—have very little of this 
selective effect, and scatter or reflect all colors almost equally. Thus 
clouds are white, and when the atmosphere is dusty, the blue may be 
nearly obscured by the overall white skylight. 

This selective scattering of the blue end of the spectrum has an effect 
on the light that comes directly to our eyes. Even at noon, when the 
sun is most nearly overhead, it appears to be yellowish rather than white. 
This, of course, is because some of the blue has been scattered out 
during the passage of the light through the atmosphere over our heads. 
At sunset or sunrise (or moonset or moonrise) this effect can often be 
seen in exaggerated form. When the sun is near the horizon, its rays 
must pass through much more atmosphere to reach us (Fig. 20-14). 
More of the blue is scattered out of the direct beam; if atmospheric 
conditions are right, the setting sun may appear to be almost red. 

When a rainstorm passes and the sun shines again in the sky, we often 
see a brightly colored arch against the dark background of the departing 
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FIG. 20-14 Scattering of blue from the sun's rays by the atmosphere. 


clouds opposite to the sun. The rainbow is an optical phenomenon caused 
by the reflection and refraction of sunlight in the tiny spherical raindrops 
on which it falls. In order for the direction of the rays of sunlight to be 
nearly reversed, the rays must enter the raindrops and be reflected from 
their inner surfaces as indicated on a greatly exaggerated scale in Fig. 
20-15. The ray marked W indicates a thin beam of white light coming 
from the sun. The solid line in Fig. 20-15A shows how the red component 
is refracted as it enters the drop; is then reflected from the back of the 
drop, and is refracted again as it leaves the drop to return to the air. 
This red ray as it leaves makes an angle of very nearly 42° with the direc- 
tion of the entering white ray. 

We have just described the ray SFO, as shown in Newton’s own dia- 
gram, Fig. 20-15C. The line OP is drawn from the eye directly away from 
the direction of the sun; if we look 42° away from this line in any direc- 
tion we shall see the circular arc of red in the sky wherever there is a 
curtain of water droplets to reflect and refract this color back ot us. 
Returning to Fig. 20-15A, we see that the violet component (Newton’s 
“most refrangible rays"), emerges from the drop, making an angle 
of only 40° with the direction of the sunlight. Hence if we describe a 


FIG. 20-15 Formation of rainbow colors by refraction and reflection of sunlight within 
water droplets. Newton's own explanation of a rainbow: "Suppose now that O is the 
spectator's eye, and OP a line drawn parallel to the sun's rays and let POE, POF, POG, and 
POH be angles of 40 degr. 17 min -42 degr. 2 min., 50 degr. 57 min., and 54 degr. 7 min., 
respectively, and these angles turned about their common side OP, shall with their other 
sides OE, OF, OG, and OH describe the vérges of two rainbows AF, BE, and CHDG. For 
if E, F, G, and H be drops placed any where in the conical superficies described by OE, 
OF. OG, and OH, and be illuminated by the sun's rays SE, SF, SG, and SH; the angle 
SEO being equal to the angle POE, or 40 degr. 17 min., shall be the greatest angle in 
which the most refrangible rays can after one reflection be refracted to the eye, and 
therefore all the drops in the line OE shall send the most refrangible rays most copiously 
to the eye, and thereby strike the senses with the deepest violet color in that region. 
From Newton's Optics. (Reprinted by G. Bell & Sons Ltd., London, 1931.) 


circle in the sky 40? in radius as measured from the point opposite the 
sun, it will mark the smaller violet arc, lying inside the red one. 

Figure 20-15B shows the double reflection within the droplets, which 
causes the larger secondary bow we can sometimes see. 


, . 


DA 
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(20-1) 


(20-2) 


(20-3) 


(20-4) 


(20-5) 


Questions 


1. For the yellow light of a sodium-vapor lamp, a certain glass há$ n = 1.75. 
(a) What is the speed of this light in the glass? (b) In air, the wavelength of 
this light is 589 nm. What is its wavelength in the glass? 

2. The red light from a hydrogen tube is found to have a wavelength of 405 nm 
in a piece of special glass. This light has A = 656 nm in air. (a) What is the 
index of refraction of the glass for this light? (b) With what speed does it travel 
in the glass? 

3. A pair of narrow slits, 0.04 cm apart, are 30 cm in front of a photographic 
film. These slits are illuminated by light of 2 = 5893 A from another slit. 
How far apart are the bright bands on the film? 

4. A pair of narrow parallel slits are 0.03 cm apart and 20 cm in front of a 
photographic film. If the slits are illuminated with monochromatic light of 
4 = 5710 A from another narrow slit, how far apart will the resulting bands 
be on the film? 

5. The experimental setup of Question 3 is illuminated by monochromatic 
radiation of unknown wavelength, and the bands on the film are found to be 
0.7 mm apart. What is the wavelength of the radiation? Would it be visible 
to the eye? 

6. The equipment of Question 4 is illuminated by radiation of unknown 4, 
and the resulting bands (often called fringes) on the film are 1.70 x 107? cm 
apart. What is the 4 of the radiation? Would it be visible to the eye? 

7. Light of 2 = 6328 A falls on a single slit 0.005 cm wide, as in Fig. 20-5. 
What is the width of the central bright band, on a screen 2 m behind.the slit? 
8. As in Fig. 20-5, a beam of light falls on a single slit 107? in. wide. On a 
photographic film 90 cm beyond the slit, the central band of the interference 
pattern is 4.48 cm wide. What is the wavelength of the light? 

9. In Question 7, (a) what would the width of the central band be if the slit 
were twice as wide: 0.010 cm? (b) What would the central band width be if 
light of two-thirds the wavelength—4219 A—were used? 

10. In Question 8, (a) what slit width would be required to make the central 
band 1.25 times as wide—5.60 cm? (b) What wavelength of light would pro- 
duce a central band 5.97 cm wide—i.e., four-thirds its original width? 

41. Monochromatic radiation of unknown wavelength is directed against a 
grating ruled with 13,400 lines/inch. An angle of 20° separates the zero-order 
reinforcement direction and the first-order direction. What is the wavelength 
of the radiation? 

12. There is an angle of 17° between the reinforcement directions of zero- 
order and first-order, when radiation is directed against a 12,000 lines/inch 
grating. What is the wavelength of the radiation? 

13. (a) What is the minimum thickness of a soap bubble (n = 1.35) at a 
point where it reflects largely red light (air = 6800 A)? (b) What other 
greater thicknesses would also give a maximum reflection of red? 

14. (a) What is the minimum thickness of a soap bubble (n = 1.35) that will 
reflect no yellow light (4,,, = 5800 À)? (b) What other greater thicknesses would 
also reflect no yellow light? 
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15. Given a spot of very thin soap bubble film—i.e., its thickness is a small 
fraction of the wavelength of light—what would be the appearance of the 
reflection from this spot, when illuminated with white light? 

16. On a plate of dense glass, n = 1.70, there is a thin smear of oil, n = 1.50. 
In one spot, the thickness of the smear is a small fraction of the wavelength of 
light. What would be the appearance of the reflection of white light from this 
spot? 

47. Polaroid sunglasses reduce “reflected glare.” Explain how this is done. 
18. Given a small piece of Polaroid, how could you use it to determine whether 
a light beam was polarized or not? 

19. Two pieces of Polaroid with their axes at 90° almost completely block 
the passage of any light through them. What will be the effect of slipping 
another piece of Polaroid between the first two, with its axis oriented at 45°? 
20, It has been suggested that the dangers of night driving could be reduced 
by reducing the glare of oncoming headlights. Can you propose how this 
might be done with sheets of Polaroid? (Remember that you must be able to 
see objects properly illuminated by your own headlights.) 

21. If the frequency range shown in Table 20-1 were plotted on a linear 
(arithmetic) scale from 0 to 10?* Hz on a graph 1 km long, how long a piece 
of this graph would represent visible light? 

22. If the frequency range shown in Table 20-1 were plotted on a geometric 
scale (similar to Fig. 1-1) from 1 to 107* Hz on a graph 1 km long, how long a 
piece of this graph would represent visible light? 


21-1 
:ptical 
Aberrations 


í 


In Chapter 19, a lens was considered to have one definite focal length, 
and we did not concern ourselves with the wavelength of the light used in 
forming p At that time it was not necessary to consider the fact 
tliat the index of refraction is different for different wavelengths. For all 
types of glass and plastic, n is larger for the short wavelength blue and 
violet, and is smaller for the long wavelength red. A single lens, therefore, 
cannot focus ordinary white light at any point. As shown in Fig. 21-1A, 
the blue component is refracted more, and so has a shorter focal length 
than the red component. 

This unavoidable defect of a single lens is. chromatic aberration. 
Fortunately, it can be almost completely corrected by using a pair of 
lenses. The difference in n for red and blue measures what is called the 
dispersion of the glass. Glasses of different chemical composition have 
not only different n’s, but also have widely varying dispersions. Figure 
21-1B shows an achromatic doublet. The converging lens alone has strong 
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Blue and red 


FIG.21-1 Chromatic aberration and the achromatic doublet lens. 


chromatic aberration. The diverging lens is made of a different glass that 
has a large dispersion. Thus, although it is weaker than the first lens and 
therefore lets the rays continue to converge, it brings both red and blue 
to the same focus. : 

The problem of chromatic aberration does not exist for mirrors, since 
reflection is not affected by the wavelength. A concave mirror, however, 
plainly shows another bothersome aberration that is also present in 
lenses. Figure 21-2A shows a mirror with a spherical concave surface. 
The rays striking near the edge are reflected to a focus closer to the mirror 
than the rays in the vicinity of the axis. This imperfection is called spheri- 
cal aberration and is a potential cause of considerable trouble in astrono- 
mical reflecting telescopes, whose mirrors must be large in order to collect 
as much light as possible. This difficulty is solved, however, by making 
most telescope mirrors parabolic rather than spherical. In such a mirror 
(which unfortunately is more expensive to make than a spherical mirror 
and has other aberrations that a spherical mirror does not have), all 
rays coming in parallel to the optical axis from a very distant object 
are reflected to intersect the axis at a single focal point (Fig. 21-2B). 

This scheme works equally well in reverse; if a small source of light is 


_ placed at the focus, a parabolic mirror will reflect it into a cylinder of 
- parallel rays. For this reason, parabolic mirrors are often used on large 


searchlights.. i; : 
A parabolic mirror can thus form a perfect image of a distant object 


that lies on the axis of the parabola; a combination of two or three D. 


A 


Spherical mirror 


Parabolic mirror 


FIG. 21-2 Spherical aberration with a spherical mirror, and its elimination with a 
parabolic mirror. K 


lenses can be almost completely corrected for chromatic and spherical 
aberrations, and so will do almost as well. i 

This does not raean, however, that a parabolic mirror solves all th: 
optical designer's problems. If the object is not on the optical axis, the 
image suffers from two off-axis aberrations: coma and astigmatism. 
In coma, a point on the object produces an asymmetric patch. of light 
for its image, which grows larger and more distorted as the distance 
from the optical axis increases. For pure astigmatism, an object point is 
focused as two straight lines perpendicular to each other, and separated 
by a distance that increases with the distance from the axis. The best 
image is the circular patch of light midway between the lines. 

Lenses also have these same off-axis aberrations, which can be nearly 
eliminated by a properly designed combination of two, three, or more 
separate lenses. 

The design’ of any camera, telescope, or microscope is always a com- 
promise in which the designer tries to keep all of these aberrations (plus 
others that have not been described) so small that they will not cause 
objectionable defects in the final image. 
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21-2 
The Eye 


FIG.21-3 Essential parts of the eye. 


The most important and most versatile optical instrument is the eye. 
Figure 21-3 is a schematic diagram of its construction. The sclera is the 
tough outer membrane to which the muscles that hold and move the eye 
are fastened. The front part of the sclera is more strongly curved, and is 
transparent; this transparent section is the cornea. The choroid layer 
inside the sclera contains dark pigment so that light penetrating the 
retina is absorbed, rather than scattered back into the central chamber. 

The retina is the light-sensitive layer; it is a mosaic of two kinds of cells. 
The cones not only respond to light, but are apparently of three types, 
each responding most readily to a specific range of wavelengths in the red, 


. the green, and the blue-violet. The rods are more sensitive than the cones 


to dim levels of illumination, but do not distinguish between colors. 
The fovea centralis, near the optical axis, is a small spot a few tenths of a 
millimeter in diameter, solidly packed with cones. This is the retinal area 
that provides by far the best discrimination of fine detail and color. 
When we “look at" something, we swivel our eyes so that its image falls 
on the fovea. Away from the fovea, the mosaic of light-sensitive cells 
becomes coarser, and the proportion of rods increases. At the limit of 
our field of vision, near the edge of the retina, the cells are entirely rods; 
colors and details cannot be discriminated, although any motion is 
readily detected. ; 

The blind spot is the place where the nerve fibers from the light- 
sensitive cones and rods are gathered together and leave the eyeball as 
the optic nerve. This small area contains no cones or rods, and is therefore 
totally blind. The blind spot on every retina is not ordinarily noticeable, 
as some psychological processing of the incoming data by the brain seems 
to fill the spot in, to produce a visual effect there similar to its surround- 
ings. Its reality can be easily demonstrated. With both book and head 
level, hold Fig. 21-4 at arm's length before you and closé one eye. If the 
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FIG. 21-4 Chart for demonstrating the "blind spot.” 


open eye is the right eye, look steadily at the letter R and bring the page 
slowly closer to your face, The L, although probably not identifiable, 
nevertheless remains plainly visible as a dark spot. As you continue to 
bring the page nearer, however, at a distance of about a foot the L 
disappears, only to reappear again as you bring the page still closer. 
While it is invisible, its image falls on the blind spot: 

The eye is a double-lens system, the first and more important refraction 
taking place at the surface of the cornea. A second bending of the 
incoming rays occurs at the transparent capsule marked “lens” in 
Fig. 21-3. By the combined action of the cornea and the lens, the image 
of an object at which we look should be formed accurately on the light- 
sensitive retina. Since we look at objects at varying distances, some adjust- 
ment is required to accomplish this. 

The image distance q (in 1/p + 1/g = 1/f) is a fixed quantity in the 
€ye; a normal relaxed eye forms the image of a distant object (p — oo). 
exactly on the retina. To look at nearby objects with a shorter p, we see 
that the focal length of the lens, f, must also become shorter. This is 
accomplished by the ciliary muscles, which act to squeeze the lens and 
make it more convex. There are no muscles provided to make the lens 
less convex; accommodation appears to depend entirely on making the 
lens stronger. 

The lens of a farsighted eye is not strong enough to focus even distant 
objects when it is relaxed; thus a farsighted eye must exert a constant 
squeeze on the lens muscle, and consequently tires easily. The lens of a 
myopic, or nearsighted, eye is too strong, so that distant objects are: 
focused in front of the retina when the eye is relaxed. It cannot by any 
muscular effort accommodate for distant objects ánd hence hàs a relaxed 
lens muscle and a blurred image it can do nothing about. In young, 
normal individuals, the accommodation power of the eye (i.e., its ability 
to focus at different distances) is very high, and a child can usually 
accommodate his eyes for clear vision even if the spectacles belonging 
to a very nearsighted person are put on his nose. With age, the accom- 
modation power of the eye decreases, and its normal focusing abilities 
very often become defective. 

Figure 21-5 shows the focusing of accommodated and relaxed normal 
eyes, nearsighted eyes, and farsighted eyes. In nearsighted persons, the 
eye lens is curved too much, so that the image is formed generally in 
front of the retina. While the eye can still accommodate for good vision 
of objects located quite close, it cannot possibly bring to the retina the 
image of distant objects, and they appear blurred. On the other hand, 
the eye lens of a farsighted persón does not have enough curvature, and 
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FIG. 21-5 The positions of the image of objects that are at far, medium, or close distances 
from normal and from abnormal eyes. 
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the image is formed, on the average, behind the retina. In this case, the 
eye can still accommodate for the clear vision of distant objects, but 
fails to do so for objects that are comparatively near. Opticians can help 
in both cases by prescribing glasses with diverging lenses for nearsighted 
persons, and converging lenses for farsighted ones. 

Take; for example, a nearsighted person who cannot focus clearly on 
objects more than 36 in. away. What must be the focal length of glasses 
that will permit him to focus on very distant objects? The problem is a 
simple one if we rephrase it to ask: What focal-length lens will produce _ 
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a virtual image 36 in. to the front, where the eye can use it as a virtual 
object? To answer this we need only write (since 1/p + 1/q = 1/f) 


Sf = —36-in. focal length. 


Consider a farsighted eye that cannot focus on any object closer than 
60 cm. What lens will enable it to see clearly a slide rule held at a distance 
of 20 cm? In this case, the lens must form its virtual image at q = 
—60 cm. The eye can then clearly focus this virtual object: 


Vit Ste 
20 60 f 
f= *30cm 


Opticians commonly give the power of the lens in diopters. The 
diopter power of a lens is merely the reciprocal of its focal length in 
meters. For the lens in the first example above we have f — —36 x 


2.54 x 0.01 = —0.91 in, to give a power of —1/0.91 = — 1.1 diopters. 


For the second lens, 1/0.30 — 4-3.3 diopters. 

The eye-lens system has all the aberrations of artificial lenses, but 
they are ordinarily not severe enough to cause any noticeable difficulty. 
Since only the rays very near the axis, which fall on the fovea, are useful 
in discriminating details, the off-axis aberrations of coma and astigmatism 
have no effect on vision. The ‘‘astigmatism” so commonly referred to as a 
visual defect is something entirely different. It results from an asym- 
metry of the surface of the cornea, which is often curved more strongly 
in one direction than in another. It is corrected by glasses with a similar, 
but opposite, difference in curvatures. 

We see well in sunlight, and reasonably well in moonlight—in these 
extremes of illumination the light intensity differs by a factor of 10° or 
more. This remarkable range of sensitivity is largely due to the difference 
between rods and cone. —the rods respond to illumination several 
hundred times smaller than that needed to stimulate the cones. In weak 
light, this vision by rods must necessarily lack the sensations of color, 
which are produced only by the less sensitive cones. A flower garden in 
moonlight is seen only a pattern of grays. 

In addition to this fundamental difference between rods and cones, 
the eye has two other responses to changing light. The first is by means of 
the iris (Fig. 21-3), a colored ring-shaped membrane in front of the lens, 
visible through the transparent cornea. Automatically functioning 
muscles change the diameter of the central opening (the pupil) as the 
intensity of illumination changes. In bright sunlight the diameter of the 


400 pupil may be as small as 2 mm. When one goes from sunlight into a dimly 
Optical Instruments lighted room, the pupil may expand to an 8-mm diameter. This action 
provides an immediate adjustment by a factor of (2)? = 16. 

A slower reaction is that of dark adaptation. At low levels of illumina- 
tion, the supply of light-sensitive chemicals in the rods gradually increases, 
to reduce the amount of light needed for vision by a factor of a hundred or 
more. This requires at least a half hour. 


21-3 In many ways a camera duplicates the parts of the eye and their 
Cameras functions. The camera “lens” may actually contain from three to six or 
more separate lenses, as needed to correct the various aberrations. 

Analogous to the eyelid, the camera shutter opens for a predetermined 

7 length of time to allow light to enter through the lens and expose the film. 

The expansion and contraction of the pupil of the eye to vary the 
amount of light admitted is a reflex action over which we have no control. 
The iris diaphragm of the camera is a similar mechanism that is under the 
control of the photographer. Figure 21-6A shows a simplified camera in 
which this adjustable diaphragm, or stop, has been set with its diameter 
equal to 0.36 times the focal length of the lens. All the light within the red 
lines is admitted to form the image of a point on the distant object. In Fig. 
21-6B the diameter of the stop has been halved to 0.18 f. 

On almost all cameras the size of the stop opening is indicated on its 
setting ring or lever by the “f-number:” f/1.4, f/3.5, etc. The f-number is 
the ratio of the focal length to the stop diameter. In Fig..21-6A the stop 
setting, or f-number, is f/0.36f = 2.8; in Fig. 21-6B it is 5.6. 

Since the //5.6 stop opening has only half the diameter of the //2.8, 
it admits only a quarter. as much light from the object. To give the film 
the same exposure to light we must open the shutter for four times as long. 


FIG. 21-6 Adjustable stop used with a camera lens. 


Ey 


Diameter of stop 
= 0.36f = 2.8 


Film 


of = focal length 


401 
Optical Instruments 


* 


Camera manufacturers ordinarily mark the stop settings so that each 
differs from the adjacent setting by approximately J2 ; the areas then 
differ by a factor of 2. A typical camera might have its stop settings 
marked at 2.8, 4, 5.6, 8, 11.3, 16. As an example, an exposure of 13; s 
might be the correct exposure time for a certain scene at f[2.8. If the 
photographer increases his f-number by three stops to //8, he would also 
have to increase his exposure time by2 x 2 x 2,to 100 © jS. Alterna- 
tively, he could figure his increased time factor as (8/2.8)? ~ 8. 

It should be noted that the photographer does not need to worry 
about the focal length of his camera. If 7y s at f/8 gives a correct exposure 
for a miniature camera of 50-mm focal length, it will also be correct for a 
telephoto lens of 200 mm focal length at //8. At f/8 the effective lens diam- 
eter of the longer lens will be 4 times as great as that of the miniature 
camera, and will admit 16 times as much light. Its image, however, will 
also have dimensions 4 times as great, or 16 times greater area. So 16 
times as much light is spread over 16 times as much area, giving the same 
amount of light energy per cm”, requiring the same exposure. 

Larger f-numbers (smaller openings) give a narrower cone of light 
converging from lens to film, and have several advantages. The effects 
of any aberrations the lens may have are reduced. Focusing is less 
critical—if the narrow cone of rays does not converge to a point exactly 
on the film, each object point will be imaged as a tiny circle of light called 
the circle of confusion. The narrower the cone, the smaller this circle, 
and the less imperfect the focus. 

The photographer's depth of field is related to this imperfection of 
focus. Consider a photographer who sets his stop at f/2.8, and focuses*, 
the camera accurately on an object 30 ft distant. As in Fig. 21-6A, //2.8 
gives a quite fat cone of light converging on each image point, and a slight 
error in q will result in a fairly large circle of confusion on the film rather 
than a point image. Thus only those objects whose distance (p) differs 
but little from 30 ft will be in acceptably clear focus. However, for a 
narrow cone of, say, f/11, q can be in error by a much greater amount 
before the circle of confusion becomes too large. Hence objects will still 
be in acceptable focus at distances considerably greater or less than 30 ft. 
By increasing the f-number, the photographer has increased his depth 
of field —i.e., the range of distance at which objects will be in satisfactory 
focus. 

To compensate for the advantages of a large f-number, there is a 
corresponding serious penalty: because less light is admitted, the time of 
exposure must be longer. This may blur the images of moving objects. 
And for exposures of 3; s or longer, involuntary muscle tremors make 
hand-holding unsatisfactory, so that a tripod or other rigid support is 


necessary. 


* Focusing is accomplished by moving the lens, to change the lens-film distance (g) so 
that it is roel rated to ed distance (p), in the relationship 1/p + 1/q = Vf. 


21-4 
Resolving Power 


In discussing the eye and the camera, we have not considered the wave 
nature of light. We have drawn rays (in Fig. 21-6, for example) as though 
they converged to a. mathematical point in forming the image of a point 
on the object. For many purposes, this is a perfectly satisfactory ap- 
proximation, but when the interference of the light waves is taken into 
account, we find that this approximation has definite limits. 

Figure 20-5 on p. 378 shows the pattern of light on a screen behind a 
narrow slit illuminated by some distant source. Most of the light is in the 
central bright band, whose total width is 2y. We have that 
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If, instead of a slit of width s, we use a circular opening of diameter 
d — s, we find an analogous circular pattern on the screen, as in Fig. 
21-7A. Most of the light falls in the central spot, which has a radius 1.22 
times the half-width of the central bright band formed by the slit: 


rod = M 


This same interference pattern results when a perfect, aberration- 
free lens of diameter d forms the image of a point object. On a camera 


FIG. 21-7 (A) Diffraction pattern images of two separated point sources. (B) Diffraction 
pattern images separated by the Rayleigh criterion. (University of Colorado photograph.) 


FIG.21-8 Resolution of two point objects by a camera. 


film, say, how close together can two such patterns be, if we are to be 
sure that they represent two object points rather than one? There is no ` 
way to derive a precise answer to this subjective question. In 1874, how- 
ever, the English physicist Lord Rayleigh suggested a quite simple 
criterion: Two patterns are barely distinguishable as separate if the 
Central maximum of one falls on the first dark ring of the other. This is 
shown in Fig, 21-7B; the two patterns are separated by the radius of the 
central spot.1.22Al/d. 

Consider a photographer whose camera lens has a focal length of 
50 mm, set at //3.5. It is night, and in the distance he sees an approaching 
car whose headlights are 150 cm apart. How close must the car be before 
his camera can resolve the two headlights—i.e., show them to be two 
sources, rather than one?* Figure 21-8 sketches the situation. As in- 
dicated by the undeviated rays passing through the center of the lens, the 
angle « separating the object points is the same as the angular separation 
of their images. For resolution of the image points, we have that their 
separation must be r = 1.22A//d. It is given that / = 5.0 cm; at //3.5, the 
effective diameter of the lens d — 5.0/3.5 — 1.4 cm; for the yellowish 
light of headlights we can take A = 6.5 x 107? cm. So 


pa 122 x 65 x 1075 x 5.0 
14 


= 2.8 x 107* cm. 


For a small angle, this gives 


_ 2.8 x 107* 
5.0 


= 5.6 x 1075 radian 


256 x 1075 x 180 _ 
un 


3.2 x 107? degree 


= 32 x 107? x 3600 = 12 seconds. 


* We will assume that the graininess of the film is fine enough that the resolving power 
is determined entirely by the lens. 
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Resolving Power 
of the Eye 


This—12 seconds—is the resolving power of this lens at /f[3.5. It can show 
as separate, two object points 12 seconds apart. To find the separation x 
in the problem, we have that 150/x — 5.6 x 1075 rad, and 
150 - 
EE rae i aru 
5.6 x 1075 
2 — 27 km, or about 17 mi. 


= 2.7 x 106 cm 


Like any other optical instrument, the eye is limited in its ability to 
resolve, or see as separate, points that are close together. The diffraction 
pattern of the eye lens is certainly one limiting factor. Under bright sun- 
light, the pupil may close down to 2.0 mm, or 0.20 cm; the effective focal 
length of the eye is about 1.7 cm; the wavelength to which the eye is most 
sensitive is 5.5 x 1075 cm. From this, Rayleigh's criterion gives us 


-$ = 
pai 122x 5.5 x10 ^ x 1.7 _ 5.7 x 107^ cm. 
0.20 


This represents an angular separation of 


EXER COM 
1.7 


= 34 x 1074 rad 


= 34 x 1074 x = x 60 = 1.2 minutes. 
n 


If, then, the only factor to be considered were the diffraction pattern 
formed by the eye-lens on the retina, we should be able to distinguish two 
points separated by an angle of 1.2 minutes. 

The structure of the retina, however, gives us something else to 
consider. On the fovea, the cones are tightly packed together in a mosaic 
of light-sensitive cells. In order to register two separate light spots, a 
minimum of three cones are needed: two outer ones stimulated by the 
light, and a third between them in relative darkness. Thus, the mosaic 
can distinguish light-spots separated by two cell diameters, measured 
center-to-center of the outer cones. The diameter of a foveal cone is about 
2.9 x 107^ cm, which gives a resolution of 5.8 x 1074 cm. Expressed 
in angular terms, this is 


SE 
SEE x dou x 60 — 1.2 minutes. 
1.7 T 


giving the same resolving power as that determined by the interference 
pattern formed by the lens. Nature is indeed economical—a finer mosaic 
of cells in the human eye would serve no useful purpose. 


21-6 The most commonly used optical instrument is the simple magnifying 

The Simple Blass. As we bring a small object up closer and closer to one eye, it 

Magnifier appears larger and larger; if there were no limit to this process, mag- 
nifying glasses would be unnecessary. There is a limit to the focusing 
ability of the eye, however; for a normal adult, 10 in., or 25 cm, is 
about as close as possible for an object that is to be examined comfortably 
for any extended period of time. One way of considering the simple 
magnifier is to think of it as making the eye lens stronger, so that the 
object may be held closer to the eye and still be focused as a clear image 
on the light-sensitive rétina at the back of the eyeball. 

Figure 21-9 shows the use of the simple magnifier, or magnifying 
glass. If we place the object slightly closer to the magnifier than its focal 
length, a virtual image is formed at the closest distance for distinct 
vision, which is assumed to be 10 in. or 25 cm. The magnification is the 
ratio of the size of this virtual image to the size of the object at the same 

- distance. To determine the magnification, we have the known f of the 


magnifier, and we know that g = —25 cm. From this, 
Lb ac aaa 
p. 25 f 
Pp eter 
p f 25 25f 
d 1 2505--f) 25cm 
cec E eher seal NI LANE tintas l, 
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FIG. 21-9 The simple magnifier. 
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21-7 The ordinary refracting telescope has two elements: the objective, which 


receives the light from the object; and the eyepiece, which serves as a 
magnifier to examine the real image formed by the objective. Figure 21-10 
shows a very simplified version. Objectives are almost always two lenses, 
in order to reduce chromatic and other aberrations. Eyepieces contain 
from two to six separate lenses. 

For the magnification of telescopes, comparing the actual size of the 
image and the object would be meaningless, and the idea of angular 
magnification is used instead. In Fig. 21-10 rays are shown entering the 
objective from two distant objects, which we can call the “red star" and 
the “black star,” to identify each with the color of the rays on the draw- 
ing. In the sky, the two stars are separated by the angle «, and, beyond the 
objective, the angle between the undeviated rays through the center of the 
lens is also «. At the focus of the objective (where we could photograph 
them on a piece of film if we cared to) the two star images are separated 
by a distance d, so that « = d/f, rad. 

Through the eyepiece, the images are seen to be separated by the 
angle £. It is not possible to make a direct geometrical construction of 
these rays after they are refracted by the eyepiece—but if the objective 
had been a little larger, we would have had rays passing undeviated 
through the center of the eyepiece lens. Figure 21-10 shows these hypo- 
thetical rays as dashed lines from the images. The eyepiece is adjusted 
so the star images are at its focus; thus all the rays from either image 
point emerge from the eyepiece parallel to each other—in Fig. 21-10 


Telescopes 


FIG. 21-10 Angular magnification of a simple telescope. 
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they have been drawn parallel to the hypothetical dashed rays. To the 
eye, the black star and the red star are separated by the angle fj, which we 
can evaluate approximately as f = d/f, rad. For the angular magnifica- 
tion this gives. ' 


For example, consider a telescope whose objective has a focal length of 
35 in., used with an eyepiece of f, = 0.5 in. Look through this telescope 
at a pair of stars whose actual separation is 19 minutes. M — 35/0.5 — 
70, and to the observer the stars would look as though they were 19 x 
70 — 1330' — 22*10' apart. 

The simple telescope of Fig. 21-10 has one drawback that does not 
bother astronomers. Seen through the telescope, the black star appears 
below the red star, rather than above it, as it actually is; that is, the image 
is inverted. 

Figure 21-11 shows three refracting telescopes that give erect images 
and are thus suitable for ordinary nonastronomical use. The Galilean 
type is so named because Galileo used a diverging eyepiece on his first 
astronomical telescope. Since objective and eyepiece are only f, — fe 
apart, it has the advantage of being short. It has a small angular field of 
view, however, and now finds use only in low-magnification, inexpensive 
telescopes, often mounted in pairs to make binoculars, ordinarily re- 


.ferred to as “field glasses." Figure 21-11B shows an added lens that 


inverts the image formed by the objective, so that the world is oriented 
properly-when seen through the eyepiece. The penalty for this advantage is 
in the added length and weight of the instrument. Figure 21-11C shows 
one of the side-by-side telescopes of “prism binoculars.” These turn 
the image right-side-up and put the left and right sides back where they 
belong, by reflecting the rays four times from the surfaces of 45° prisms. 
This “folding” of the rays has the added advantage of making the tele- 
scopes shorter and less cumbersome. 

A real image can be formed by a concave mirror, as well as by a 
converging lens, and the majority of astronomical telescopes use such 
mirrors as their objectives. Figure 21-12 shows three of the many types of 
reflecting telescope. The most common is the Newtonian (Fig. 21-12A). 
A small flat mirror at 45° to the axis reflects the converging cone of rays 
to the side, where a photographic plate may be placed at the focus, or 
the image examined through an eyepiece. A reflecting telescope has no 
chromatic aberration, but the parabolic mirror of the Newtonian is 
subject to off-axis aberrations; the diagonal secondary mirror blocks 
some light, and, with its necessary supports, also produces additional 
diffraction effects in the image. 

The Cassegrain reflector (Fig. 21-12B) requires a hole in the center of 
the parabolic primary mirror, and a small convex secondary mirror. 
It has all the minor defects of the Newtonian, mentioned above, but 
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FIG. 21-11 Three types of refracting telescope. 
P is d 


these are balanced by advantages. It is convenient to have the eyepiece 
(or a photographic plate) on the axis of the telescope just below the 
mirror: The Cassegrain also gives a long focal length in a short telescope. 
The convex secondary mirror reflects the converging rays from the pri- 
he mary, so that they converge much less rapidly, in a narrower cone. On 
the schematic diagram of Fig. 21-12B, the effective focal length is about 
three times the length of the telescope. : 
-~ Aspherical primary mirror has none of the off-axis coma and astigma- 
: tism that limit the performance of the parabolic mirror—but spherical 
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FIG. 21-12 Three types of reflecting telescope. 


aberration preyents its direct use in a telescope. The Schmidt telescope 
uses a correcting plate at the center of curvature of the mirror to elim- 
inate the spherical aberration. This is a very weak, thin lens with a non- 
spherical curvature, that corrects the spherical aberration of the mirror. 
With no off-axis aberration, the Schmidt can photograph a wide angle of 
the sky; but it is a long instrument (twice the focal length of the mirror) 
and the photographic plate must be curved to a spherical surface. 

The interference of light waves puts a limit on the ability of any 
telescope to resolve the details of an object, as with an eye or a camera. 
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Microscopes 


Let us consider a telescope of f, — 35 in. The star images formed by this 
objective are really diffraction patterns given by the same r = 1.22Al/d 
we used before. Assume the diameter of the objective (d) is 2.5 in., and 
we already have that f, = 35 in., to give us /. For visual use, 2 = 5.5 x 
1075 cm, which must be converted to inches to match the other dimen- 
sions: A = 5.5 x 10-5/2.54 = 2.2 x 107? in. We are probably most 
interested in the minimum angular separation « that this telescope can 
resolve. This is œ = r/ rad, or « = 1.224/d. Then 


-5 
a = 122 x 2.2 x 1077 _ 1.07 x 10-5 rad 


2.5 


360 x 60 x 60 = 2.2 seconds. 
2n 


1.07 x 1075 x 


Using this objective in a telescope of any design, one could not be sure if 
a pair of stars closer than 2.2 seconds were really a pair, or only one. 
These same limitations apply to both refractors and reflectors. 


In its basic principle, the microscope is similar to the telescope. The 
objective forms a'real image of the object, and this image is examined 
with the eyepiece. Figure 21-13 sketches the optics of a microscope; the 
basic difference from a telescope is that the small-object is very close to 
the objective, so that p ~ f,. The total magnification is the product of the 
magnification of the objective and the magnification of the eyepiece. The 
distance (q) from the objective to its real image is fixed by the design of 
the microscope, and is fairly well standardized at 180 mm. On such a 
microscope, if we use an objective of f, — 4 mm and an eyepiece of 
f. = 25 mm, we have that q/p for the objective is approximately M, — 
180 — 45. (p is not exactly f, but the difference is very small.) We have 
used M = 25/f, (in cm) + 1 as the magnification of a simple magnifier 
like an eyepiece, when the Virtual image is 25 cm from the lens or eye. 
Most microscopists prefer to focus so that the virtual image is at infinity 
—that is, the rays from any image point enter the eye all parallel, so that a 
relaxed eye will bring them to a focus on the retina. For this, he must 


sacrifice a little magnification: The +1 is lost, and M, = 25/f. (in cm). 


Thus the total magnification M = M, x M, = (28°) x (25/2.5) = 450. 

Microscopes, like other optical instruments, are limited in the detail 
they are able to resolve. In telescopes, the rays from the distant object 
point are parallel as they enter the objective; in a microscope the rays 
from an object point (say, the head of the worm in Fig. 12-13) diverge 
strongly. This has an effect on the interference of the light waves; and for 
other reasons too mathematical to consider here, it is more realistic to 
omit the factor 1.22 we have used before. So, for a microscope we must 
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FIG. 21-13 The paths of light rays and the formation of images in a microscope. 


use a different expression for the minimum separation between dis- 
tinguishable details in the object: 
\ 


À 
= ——, 
2n sin i 


where n is the index of refraction of the medium between object and 
objective, and i is half the angular size of the objective as seen from the 
object (see Fig. 21-13). 

The expression n sin i is called the numerical aperture of the objective. 
Its numerical aperture and its focal length or magnification (q/p) are 
generally marked on each objective. For low- and medium-power 
objectives, air lies between object and objective, so n — 1. Many high- 
magnification, short f, objectives, however, are designed to be used with 
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Spectroscopes 


a drop of oil filling the space between the slide and the objective lens. 
For these oil-immersion objectives, r is decreased, and the resolution 
thereby improved, by the larger n of the oil. 

Consider a microscope whose oil-immersion objective is marked : 
*90X-NA 1.30," used with a 10X eyepiece. The total magnification is of 
course 90 x 10 = 900. The smallest detail it can resolve is /2n sin i = 
AINA = 5.5 x 1077/2 x 1.30) = 2.1 x 1075 cm. This assumes visu- 
al use, with the wavelength 4 approximately that to which the eye is most 
sensitive. ; j 

One obvious way to increase the resolving power is by using illumina- 
tion of shortér wavelength. For this reason, photomicrographs (photo- 
graphs taken through a microscope) are often taken by short-wavelength 
ultraviolet. Later, we will look at the electron microscope, whose high 
magnification and resolution are made possible by using wavelengths 
thousands of times shorter than visible wavelengths. 


We have already noted (Fig. 19-9) that the index of refraction of glass is 
different for light of different wavelengths. This fact has enabled scientists 
to analyze the wavelengths present in light from different sources, and by 
this means to probe into the structure of atoms and the nature and com- 
position of stars. One device for such analysis is the prism spectroscope, 
shown in Fig. 21-14. Figure 21-14A shows a spectroscope without its 


FIG. 21-14 The principle ‘of the prism spectroscope. 
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prism. Light from a source that is to be investigated falls on a narrow 
slit; the slit is placed at the principal focus of a lens C (“C” for collimator, 
a device to make light rays or any other things parallel), so that after 
being refracted by C the rays from each point on the slit emerge parallel. 
These parallel rays fall on a telescope objective that forms an image of 
the slit at its principal focus. The image of the slit is examined through an 
eyepiece, as with any telescope. The telescope pivots on a graduated 
circle, and in order to align it properly it has cross hairs built in it at the 
focus of the objective. The telescope can then be moved until the slit 
image falls exactly on the cross hairs when observed through the eyepiece. 

Now, if we place a prism (usually 60°-60°-60°) between the collimator 
and the telescope (Fig. 21-14B), the light will be deviated, and we will 
have to swing the telescope around to make the slit image fall on the cross 
hairs again. If the light is all one single wavelength (monochromatic), 
there will be only one slit image. However, if (as in Fig. 21-14C) the light 
is a mixture of two definite,wavelengths that we can call red and violet, 
the violet will be deviated more by the refraction of the prism, and we 
will see two separate slit images. To avoid confusion in the drawing, only 
the cross hairs-of the telescope have been shown; in the position marked 
V they are on the violet image, and in position R, on the red image. 

Light such as that from an ordinary incandescent lamp contains all 
wavelengths, and viewing this light through a spectroscope we see an 
infinite number of slit images side by side. These overlapping images 
result in a continuous spectrum ranging from the deepest red our eyes can 
see, to the extreme violet. In sunlight certain wavelengths are missing, so 
if sunlight illuminates the slit we see a continuous spectrum crossed by 
many dark lines, each dark line representing the slit image that is missing 
because that particular wavelength has been absorbed in the sun's own 
atmosphere. Such spectra are dark-line absorption spectra. A light such 
as a neon sign will be seen as a series of bright lines of many colors, 
most of them red and orange. This indicates that the neon gas emits light 
composed of only certain specific wavelengths. For each wavelength the 
slit image will be seen as a bright line of the corresponding color. This 
type is a bright-line spectrum. In a later chapter we will see the reasons 
why different sources emit different types of spectrum. 

Most spectroscopes now use gratings rather than prisms for separating 
the various wavelengths present in a light source. They serve the same 
purpose as prisms in deviating light of different wavelengths through 
different angles that can then be accurately measured. The simple trans- 
mission grating spectroscope is sketched in Fig. 21-15A. The principle 
of its operation has already been discussed in Chapter 20, Section 4, 
and the directions in which the reinforcement occurs are illustrated in 
Fig. 20-7. i 

The opaque strips separating the slits of a transmission grating 
necessarily waste a great deal of the incoming light by reflecting or 
scattering it back. The reflection grating (Fig. 21-15B) is much more 
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FIG. 21-15 Transmission and reflection gratings as used in a spectroscope. 


efficient. It is generally ruled with an accurately shaped diamond point, 
in the soft aluminum of a mirror surface. Each reflecting strip serves the 
same purpose as one of the slits in a transmission grating, with little light 
wasted. 

Most spectroscopy is done photographically, as we might with the 
instruments of Fig. 21-15 by placing a strip of film where the cross-hairs 
are indicated, at the focus of the telescope objective. This makes it a 
spectrograph rather than a spectroscope. Most research spectrographs 
carry complications a step further by ruling the reflection grating on the 
surface of a concave mirror. The collimator and telescope are no longer 
necessary; the grating itself serves a double purpose in also focusing the 
slit images directly on a curved strip of photographic film. 


Questions 


1. From your experimentation with Fig. 21-4, does the blind spot lie noseward 
from the fovea, or to the outside of it? ` A 
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2. Measure the distance from eye to page (Fig. 21-4) when the image of the 
vanishing letter is about centered on the blind spot. From this and whatever 
other data you need, find the approximate distance between fovea and blind 
spot. (The focal length of the eye is about 1.7 cm.) 

3.A nearsighted man cannot focus clearly on objects farther away than 60 cm. 
What focal length lens will enable him to see clearly objects at a great distance? 

4. A farsighted man cannot focus clearly on objects closer than 48 in. away 
What focal length lens will permit him to read a paper at a distance of 18 in? 

5.4 nearsighted person wears glasses off = — 50 cm. Through these glasses 
he has perfect distant vision but cannot focus clearly on an object closer to his * 
eyes than 25 cm. How close can he bring an object and still see it clearly if he 
takes his glasses off? 

6. An elderly man who has lost nearly all ability to accommodate wears 
bifocal glasses. The upper part, through which he looks at distant objects, has 
a focal length of +50 cm. What is the focal length of the lower part of his 
glasses, through which he can read a book held 30 cm from his eyes? 

y 7. Following are the focal lengths of some lenses. Give their strength or power, 
in diopters: (a) 20 cm, (b) —200 cm, (c) 5 in., (d) —25 mm. 

B. Lenses have these focal lengths: (a) —50 mm, (b) 20 in., (c) —40 cm, 
(d) 300 cm. Give their powers in diopters. 

9.A lens has a focal length of 85 mm. What is the effective diameter of the 
used portion of the lens with a stop set at (a) f/4.5? (b) f/12.7? 

10.4 lens of f = 135 mm is set at (a) f/5.6; (b) //16. What is the effective 
diameter of the lens in each of these? 

11. Hoy does the amount of light admitted at f/4.5 compare with that ad- 
mitted at f/12.7? 

12. How does the amount of light admitted at //5.6 compare with that ad- 
mitted at f/16? 

13-4 camera with a 50-mm focal length has a built-in exposure meter that 
calls for 735 s at f/2.8. The photographer wants to photograph the same scene 
with another camera of f = 105 mm at f/4.5. What should the length of the 
exposure be? 

14.4 built-in exposure meter on a camera of f = 85 mm calls for an exposure 
of x45 s at f/3.5. To photograph the same scene with another camera with an 
f = 200 mm lens at //8, what exposure would be needed? 

1 5-In photographing a football line from the sidelines, a photographer 
accurately focuses on the center. In order to picture both ends as clearly as 
possible, which would be better, zs s at //2.8, or qbo s at f/5.6? Why? 

16 A tripod-mounted camera is used to photograph a garden on a still day. 
Assuming the camera to be focused on plants in the middle distance, would it 
be better to use yz s at f/12.7 or qbo s at f/4.5? Explain. 

17.4 perfect lens 10 cm in diameter, f = 60 cm, is used to photograph a 
group of stars, which can be considered to be point objects with A = 6 x 1075 
cm. (a) What is the diameter of the central spot on these star images? (b) What 
is the diameter of the central spot of the star images with another lens, of 
2-inch diameter and f — 12 in? (c) Rewrite the formula for r given in the text, 
using the f-number of the lens. 
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18, A-bright blue-white star emitting light of 2 = 5 x 107? cm is photo- 
graphed with an optically perfect lens 10 cm in diameter, and 150 cm focal 
length. (a) What is the diameter of the central spot of the star image? (b) Re- 
state the expression for r given in the text, using the number of-the lens. 
(c) The Yerkes Observatory telescope lens is 40 inches in diameter, and has a 
focal length of 63.5 ft. It is used for star photography like any camera lens. 
What is the diameter of the central spot on a star image formed by this lens 
f A25 x 1075 cm)? 

- What is the minimum separation (in seconds) of a double-star pair that 
can be resolved by the telescopic camera of Question 17? 
20. What is the minimum separation in seconds of a pair of stars that can be 
resolved by the Yerkes refractor? (See Question 18(c).) TakeA = 6 x 107 5cm. 
21. A referee in the end-zone holds up two fingers. How far apart must the 
fingers be if they are to be distinguished as separate by an observer at the 
other end of the field (100 yards distant)? 
22. In order to be distinguished, how far apart must two specks be, on a 
poe held at a distance of 25 cm from the eyes? 

3. What is the focal length (a) in centimeters and (b) in inches, of a simple 
magnifier that has a magnification of 6 (often expressed as **6-power" or 
"6X")? 

24. what is the focal length (a) in centimeters and (b) in inches, of a 10X 
simple magnifier? (See Question 23.) 

25. Anastronomer uses an eyepiece whose focal length is 32 mm on a telescope 
with an objective focal length of 2.0 m. What is the angular magnification? 


26. What is the angular magnification of a telescope whose objective has a 
focal length of 48 in., with an eyepiece whose focal length is 0.5 in? 


27- An f[8 telescope objective has a diameter of 15 cm. What is the focal 
length (in mm) of an eyepiece to give a magnification of 60? 

* An eyepiece is to give a magnification of 40 when used with an f/15 
objective 4 inches in diameter. What is its focal length (in inches)? 


29. (a) What is the angular resolution of the telescope objective in Question 
271 (b) Using the eyepiece specified in Question 27, how far apart would a 
pair of barely resolvable stars appear to be? (c) Would the observer's eye be 
able to resolve them? (d) What focal-length eyepiece would enable an observer 
to take full advantage of the resolving power of the objective? What would the 
resulting magnification be? 

30. (a) What is the angular resolution of the objective of Question 28? 
(b) Using the eyepiece specified in Question 28, how far apart would a pair of 
stars appear to be, if they were barely resolvable by the objective? (c) Would 
the observer's eye be able to distinguish these as separate stars? (d) If the 
observer wants to be able to see all the detail possible with this objective, what 
is the maximum length of the eyepiece that he should use? 


31. wnat is the magnification of a microscope with an objective of f, = 2.0 cm, 
using an eyepiece of f, = 5.0 cm? 

* A microscope has an objective whose focal length is 0.75 cm; the focal 
length of the eyepiece is 2.5 cm. What is its total magnification? 
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33. Details of about 1 u (= 1075 m) are to be examined with a microscope. 
An f, — 4 mm, NA - 0.85 objective is used, with a 5X eyepiece. (a) Can the 
objective resolve detail this fine? (b) What is the magnification of this micro- 
scope? (c) At the nominal least distance of distinct vision (25 cm), what is the 
angle between two points 1 u apart? (d) Under the magnification of part b, 
would the microscopist's eye be able to distinguish these details? 

34. A high-power oil-immersion objective is marked 90X, NA 1.30. (a) What 
is the separation of the finest detail resolvable by this objective? (b) What is 
the angle between such barely resolvable points at the 25-cm nominal least 
distance of distinct vision? (c) What total magnification would be required, to 
make the apparent angle the 1.2 minutes resolvable by the eye? (d) Would the 
greater magnification of a shorter-focus eyepiece make smaller detail ob- 
servable? 

35. A grating with 4000 lines/cm is used in a spectrograph to examine light 
of 4 = 4960 A. (a) Through what angle from its zero-order position must the 
spectroscope be rotated to see the first-order line? (b) the second-order line? 
(c) the third-order line? 

36. A grating spectrograph is used to examine light of 4 = 6200 A. The 
grating has 5000 lines/cm. The zero-order image will of course be seen when 
the collimator and telescope are in line. From this position, (a) through what 
angle must the telescope be turned to see the first-order line? (b) Is it possible 
to see the second-order line? If so, through what angle must the telescope be 
turned? (c) Same as part b, for third-order. 

37. One component of the light emitted by incandescent hydrogen is the F 
line, 4 = 4861 A. (a) What is the highest order F line that can be seen through 
a spectroscope using a grating of 5600 lines/cm? (b): Will this line appear to be 
of the same color in each order? 

38. The “C” line is a monochromatic component of the light emitted by 
incandescent hydrogen, gas and has a wavelength of 6563 A. (a) What is the 
highest order C line that can be observed with a spectroscope using a grating 
with 6000 lines/cm? (b) Will this particular line appear to be of the»same 
color in each order? : 


22-1 
Light Emission 
by Hot Bodies 


We know that in order for them to emit enough light to be seen, material 
bodies must be heated above a certain temperature. Hot radiators 
(100°C) emit radiation that we can feel with our cold hands in the winter 
but none that our eyes can see. The heating elements of an electric range 
(at a low heat of about 750°C) glow with a faint reddish light that can 
be seen only if the kitchen is not too brightly illuminated. The filament 
of an electric light bulb (about 2300°C) emits an intense yellow light. 
We can thus see qualitatively that the intensity of the radiation emitted 
by a heated body increases as its temperature increases and that the 
wavelength of the most intense radiation shifts with increasing tempera- 
ture from the red toward the blue end of the spectrum. Figure 22-1 
shows how the intensity of radiation varies with wavelength at different 
temperatures. 

Studies of experimentally determined curves such as these led to 
two fundamental laws governing radiation from hot solids and liquids. 
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22-2 
Infrared and 
Ultraviolet 
Radiation 


FIG. 22-1 Intensity distribution in the emission of radiation by bodies at different 
temperatures. The upper curve in (A) corresponds to the surface temperature of the sun— 
a large fraction of the total energy is in the visible part of the spectrum. The upper curve 
in (B)—notice that the scale is different from that of (A)—shows only a small fraction 
of visible radiation, most of which is red. In the 1500°K curve in (B) practically all the 
radiation is in the invisible infrared. 


Wien's law: The wavelength of maximum intensity is inversely pro- 
portional to the absolute temperature of the emitting body. 

. In other words, the hotter the body, the shorter the wavelength. 
Wien's law can be put in quantitative numerical form by using the 
relationship T/,,,, = 0.29 cm-°K. For the 100°C radiator (373°K) we 
find that Aya, = 0.29/373 = 78 x 1075 cm or 78,000A. This wave- 
length at which the radiator radiates most intensely is 10 times as long 
as the longest deep-red wavelength of visible light; it should not be 
surprising that it does not glow in the dark! 

The Stefan-Boltzmann law: The total rate (per unit area) of emission 
of energy of all wavelengths is directly proportional to the fourth power 
of the absolute temperature. 

Quantitatively, this is E = 5.67 x 1075 T* W/m?. Our 100°C 
radiator can again serve as an example. For this relatively cool body, 
5.67 x 1075 x (3.73 x 10?)* = 1100 W/m? or 0.11 W/cm?. Note that 
this total rate of emission, calculated for different temperatures, is 
proportional to the areas under the different temperature curves in 
Fig. 22-1. © $ 


Just as in acoustical phenomena a human ear can hear only the sounds 
within a certain frequency (or wavelength) interval, so the human eye 
can see only the light within narrow limits of frequencies (or wave- 
lengths). Radiation with wavelengths /onger than that of red light (about 


7.5 x 1075 cm) is known as infrared radiation. Yt is also often called 
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22-3 
The Ultraviolet 
Catastrophe 


“heat radiation,” since it is emitted from hot bodies (such as a room 
radiator) that are not yet hot enough to be luminous. In fact, heat rays 
are emitted by all material bodies no matter how low or high their 
temperatures are, but, according to the Stefan-Boltzmann law, their 
intensity falls very rapidly with the temperature. 

Ultraviolet radiation has wavelengths shorter than the blue-violet end 
of the spectrum (about 4 x 1075 cm), and this radiation becomes more 
and more important with the increasing temperature of the emitting 
body. While the ordinary electric light bulb (at 2300°C) does not emit 
any ultraviolet radiation to speak of, the sun, which has a surface tem- 
perature of about 6000°K, emits an appreciable amount of ultraviolet. 
The atmosphere is nearly opaque to wavelengths shorter than about 
3000 A (3 x 1075 cm), but enough ultraviolet radiation of longer wave- 
length gets through to sunburn or tan the exposed parts of the human 
skin. Some stars have a surface as hot as 30,000*K. At such high tempera- 
tures, their most intense radiation is at a wavelength less than 1000 À, 
far into the invisible ultraviolet. 


During the last decade of the nineteenth century the British physicist 
and astronomer Sir James Jeans tried to find a theoretical explanation 
for the observed distribution of energy among the different wavelengths 
radiated by hot bodies (Fig. 22-1). Thirty years earlier Maxwell had based 
his gas-law calculations on the assumption that the kinetic energy of gas 
molecules was (on the average) distributed equally among them, which 
led to his successful explanation of the distribution of molecular veloc- 
ities (Fig. 12-7). Jeans worked from a similar assumption that the energy 
of radiation would be equally distributed among all the possible wave- 
lengths. 


To approach this idea in a simple way, he imagined what might hap- 


pen to radiation enclosed in a cubical box whose walls were perfect 
mirrors. Figure 22-2A shows two opposite walls with standing waves 
reflecting between them. As with a vibrating string or the vibrating air 
columns in an organ pipe, the only waves that can persist are those with 
nodes at the walls, so the separation / must contain an integral number 
of half wavelengths. Figure 22-2A sketches some of the possible standing 
waves—there is no limit to the integral number of half-waves possible, 
and the drawing could be continued on to the right toward an infinite 
number. 

The black dots represent particles of coal dust or some other hypo- 
thetical absorbers that can absorb some of the energy at one wavelength 
and reradiate it at another. This presumably goes on until all the radiation 
energy is divided equally among all of the infinite number of possible 
standing waves. This would naturally give each mode of vibration an 
infinitely small share of the total. To make the point, however, the artist 
-has taken the liberty of giving each mode a small but finite energy in 
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FIG. 22-2 Some of the infinite number of standing waves possible between two walls 
of "Jeans's cube." Part B shows the distribution of energy with wavelength, if each 
standing wave received an equal share of the total energy. 


Fig. 22-2B. We can see that practically all the energy will be concentrated 
in the shortest imaginable wavelengths, where the different Xs are 
bunched infinitely close together. 

This result, predicted by the classical laws of physics, is not what 
happens. If it were, the radiation emitted by glowing coals in the fireplace 
would all be converted to invisible but deadly rays before it could leave 
the grate. Other physicists worked on the problem, but with equally 
unsatisfactory results. The situation was known as “Jeans’s paradox" 
or the “ultraviolet catastrophe.” The problem was not to be solved until 
a radically new and different concept was introduced. 


Just before the end of the last century, in Christmas week, 1899, at a 
meeting of the German Physical Society in Berlin, the German physicist 
Max Planck (1858-1947) presented his views on how to save the world 
from the perils of Jeans's ultraviolet catastrophe. His proposal was as 
paradoxical as Jeans's paradox itself, but it was much more: helpful. 
According to Planck’s view, the rays of the sun that pour into a room 
through the windows or the light of a table lamp do not represent a 
continuous flow of light waves, but rather a stream of individual photons 
(Fig. 22-3). A photon is a unit of electromagnetic radiation (you might 
imagine it as being a finite train of waves) having a certain wavelength 
and frequency, and having also a certain definite amount, or quantum, 
of energy. 

To each photon frequency there corresponds a definite quantum of 
energy, and it is just as nonsensical to talk about three-quarters of a 
quantum of green light as it would be to talk about three-quarters of an 
atom of copper. Planck proposed that photons of different frequencies 
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FIG. 22-3 (A) The old view of light as continuous wave trains whose amplitude increases 
with increasing intensity of the light; (B) the new view which shows light as a stream of 
“photons,” each having a certain "quantum" of energy. The number of photons per 
second determines the intensity of the light. 


carry different quanta of energy, and that the energy of a photon is directly 
proportional to its frequency. Writing f for the frequency of the photon 
and E for the quantum of energy it carries, we can express Planck's 
assumption as 

E=hf 


where h is a universal proportionality constant known as Planck’s con- 
stant, which has the value of 6.63 x 10727 erg-s or 6.63 x 107°* J-s. 

How does Planck’s assumption of light quanta help to remove the 
troubles of the ultraviolet catastrophe? To understand this, let us look 
further into the consequences of the basic assumption that E = hf, that 
is, that radiant energy such as light flies; about in packets of energy, 
the sizes of which are proportional to the frequency of the radiation. 
The long wavelength waves of radio have low frequencies and hence 
their quanta of energy are small. Visible light, with frequencies a billion 
times greater, comes in quanta whose energy is also a billion times 
greater. Energy must be absorbed and emitted in whole quanta, exactly 
—no fractional parts of quanta are allowed. 

The difference between the energy demands of longwave (low- 
frequency) and of shortwave (high-frequency) radiation has a very im- 
portant effect on the application of the equipartition principle. Planck’s 
solution of the problem can be considered to take the form of a prob- 
ability distribution: The vibrations with high demands have a very small 
chance of having their demands satisfied ; low-frequency radiation, which 
asks but little, has a very good chance of getting it. In other words, both 
ends of Planck’s energy distribution curve (Fig. 22-4) approach zero; 
at the short-wavelength, high-frequency end, the radiation has prac- 
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22-5 

The Puzzle of the 
Photoelectric 
Effect 
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FIG. 22-4  Jeans's curve (wrong) and Planck's curve (right). These curves were 
theoretical attempts to derive the experimental curves shown in Fig. 22-1. 


tically no chance of receiving a great deal; and at the long-wavelength 
end, the radiation stands a very good chance of receiving practically 
nothing. So instead of looking like the original Jeans's curve, the dis- 
tribution curve obtained by Planck took a much more reasonable shape, 
in perfect agreement with the experimentally determined curves of Fig. 
22-1. Further studies of the problem enabled Planck to derive from his 
theory the thermal radiation laws of Wien and Stefan-Boitzmann. 


A few years after Max Planck introduced the notion of quanta in order 
to circumvent the difficulties of Jeans's ultraviolet catastrophe, a new 
and, in a way, much more persuasive*argument for the existence of these 
packets of radiant energy was put forward by Albert Einstein. Einstein 
based his argument on the laws of the photoelectric effect, i.e., the ability 


\ 


Arc light 


FIG. 22-5 A zinc plate losing electrons when exposed to ultraviolet radiation from an 
arc light. p 


of various materials to emit free electrons when irradiated by visible or 
ultraviolet light. An elementary arrangement for the demonstration of 
the photoelectric effect is shown in Fig. 22-5. A freshly sandpapered 
piece of zinc P is attached to an electroscope and given a negative charge. 
If light from an electric arc is allowed to fall directly on the zinc plate, 
the electroscope leaves will come together, showing that the plate has 
lost its charge. The closer the arc light is to the plate, the more rapidly 
will the charge be lost; conversely, as the experiment is repeated with the 
arc removed to greater and greater distances, the charge will be lost 
more slowly. However, we find that if a sheet of ordinary glass is put 
between the arc light.and the zinc, the zinc will retain its negative charge, 
even if the*arc is brought very close. Also, we find that if the zinc is 
originally given a positive charge, the arc light will have little apparent 
effect on the rate at which the charge is lost. 
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More careful experiments were performed, in which monochromatic 
radiation was used and in which the numbers and kinetic energies of the 
ejected electrons were carefully measured. These experiments gave results 
according to the following rules: 


1. For a given frequency of incident radiation, the number of electrons 
produced by the photoelectric effect is directly proportional to the intensity of 
the radiation, while the velocity (or energy) of the Aue electrons remains 
the same, no matter what the intensity. 

2. When radiation of different frequencies is used, the energy of the emitted 
electrons increases with increasing frequency. The graph of the kinetic energy 
of the emitted electrons against the radiation frequency is a straight line 
(Fig. 22-6). 

3. When different metals are used, the graphs of Fig. 22-6 are different lines, 
but they all have the same slope. With radiation of a frequency less than a 
certain threshold frequency (different for different metals), no electrons will be ~ 
emitted, no matter how great the intensity of the radiation. 


These straightforward observations of the photoelectric effect pre- 
sented great difficulties for the understanding of electromagnetic radiation 
from the classical point of view. According to classical theory, a prop- 
agating wave of light or any other electromagnetic radiation is essentially 
a varying electromagnetic field, and the strength of the electric and 
magnetic forces in this field increases with increasing intensity. If the 
ejection of electrons from metal surfaces is due to the electric forces of 


FIG. 22-6 . The kinetic energy of emitted photoelectrons plotted against the frequency 
of the illuminating radiation, for three different metals. 
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the incident waves, then the energy with which the electrons are ejected 
should increase with increasing radiation intensity, just as seashore 


"bathers are thrown off their feet more violently by big waves than by 


small ones. This quite natural conclusion does not fit the experimental 
facts, however, since an increase of the intensity of the radiation increases 
only the number of ejécted electrons and does not affect their velocity 
or energy at all. 

All this experimental evidence, said Einstein, could be quite satis- 
factorily explained by Planck's new idea of energy quanta. A certain 
amount of energy Wz, is required to pull an electron loose from the 
attraction of the atoms in a zinc plate. According to the old classical 
theories, the energy of light or ultraviolet radiation spread out in spher- 
ical waves, so the amount of energy an electron could absorb from one 
tiny spot on such a spreading wavefront would be negligible. Einstein 
argued, however, that the old classical picture does not represent what 
actually happens. The entire energy of the photon is absorbed in one bite 
by a single electron. Planck's relationship E = Af tells how much energy 
will be in a quantum of any given frequency f. 

For the zinc plate, Wz, is greater than the energy associated with a 
photon of visible light, so that no matter how much visible light shines 
on the plate, no electron will receive enough energy to break loose. 
This is the situation with a sheet of glass screening the.arc light—ordinary 
window glass shuts out the invisible but highly energetic ultraviolet 
radiation. With the glass removed, the ultraviolet radiation from the 
arc, being of higher frequency than visible light and hence of propor- 
tionally higher energy, is absorbed by the electrons in the plate. The 
energy of a photon of ultraviolet is greater than Wz,, so the electrons 
can escape, carrying any leftover excess energy with them in the form 
of kinetic energy. With the plate negatively charged, the departing elec- 
trons are repelled, and the plate gradually loses its charge. A positively 
charged plate, however, will attract the electrons back as quickly as they 
escape, so there is in this case no loss of charge. 

For a general energy relationship, we need to consider three terms: 
hf, which is the entire energy of the quantum absorbed by the electron; 
W, the energy required to pull the electron free from the surface; and 
Amv?, the kinetic energy of the electron as it leaves. Simple consideration 
of the conservation of energy gives us 


hf — W = àmv?. 


Now, if we graph f against 1mv?, as in Fig. 22-6, we should expect a 
straight line. (Remember that h and W are both constants.) Planck's 
constant 4 determines the slope of the line, which will therefore naturally 
be the same for all metals. The bottom ends of the lines on the drawing 
represent electrons with zero kinetic energy—i.e., electrons just barely 
pulled away from the attractions of their neighbors. 
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For ari electron to be pulled off without anything left over for kinetic 
energy, the Af of the absorbed quantum must equal W, and the frequency 
at which this occurs is the threshold frequency. The threshold frequencies 
and threshold wavelengths for some representative metals are as follows: 


Platinum f= 1.51 x 1015 Hz 
Silver : f = 1.13 x 1015 Hz 


Potassium f = 4.22 x 10'4 Hz 


In his classical paper on this subject, published in 1905, Einstein indi- 
cated that the observed laws of the photoelectric effect can be under- 
stood if, following the original proposal of Max Planck, one assumes that 
electromagnetic radiation propagates through space in the form of indi- 
vidual energy packages called photons, and that on encountering an electron, 
such a photon communicates to the electron its entire energy. 

This revolutionary assumption explains quite naturally the observed 
fact that an increase of the intensity of light leads to an increase of the 
number of photoelectrons, but not of their energy. More intense light 
means that more light quanta of the same kind will fall on the surface 
per second, and since a single photon can eject one and only one elec-. 
tron, the number of electrons must increase correspondingly. On the 
other hand, by decreasing the wavelength of incident light we increase 
the frequency and, consequently, the amount of energy carried by each 
individual photon, so that in each collision with a free electron in the 
metal these photons will communicate to it a correspondingly larger 
amount of kinetic energy. 

As an example, let us investigate a little further the behavior of the 
zinc plate in Fig. 22-5. From a handbook, we can find that for zinc, W 
(called the photoelectric work function) is about 6.4 x 10^ !? erg. This is 
the energy it must absorb if an electron is to be just barely pulled away, 
with nothing left over for kinetic energy; and this energy must be 
absorbed from a single photon. From E = Af, it can be determined that 
for a photon to have this much energy it must have the frequency 


== = —"*____ = 096 x 105 Hz. 
f h | 6.63 x 1077? 


For the corresponding wavelength, we go to v = fA aud'find its wave- 
length to be 4 = 3 x 1019/0.96 x 101° = 3.1 x 1075 cm, or 3100 Å. 
This is well beyond the visible into the ultraviolet. Radiation of wave- 
lengths longer than this will. have energy quanta too small to pull elec- 
trons free, and none will be emitted, no matter how high the intensity; 
shorter wavelengths will have more than enough energy, and the excess 
will result in kinetic energy of the electrons emitted. — 


22-6 
The Compton 
Effect 


FIG. 22-7 Dr. Arthur H. Compton, who visualized a collision between a photon and an 
electron as analogous to a collision between elastic balls. The photon shown has less 
energy after its collision, and a correspondingly longer wavelength. 


The Planck-Einstein picture of individual energy packages, or light 
quanta, forming a beam of light and colliding with the electrons within 
matter, intrigued the mind of an American physicist, Arthur Compton 
(Fig. 22-7) who, being of a very realistic disposition, liked to visualize 
collisions between photons and electrons as similar to those between the 
ivory balls on a billiard table. He argued that, in spite of the fact that 
the electrons forming the planetary system of an atom are bound to the 
central nucleus by attractive electric forces, these electrons would behave 
almost as if they were completely free if the photons that hit them 
carried sufficiently large amounts of energy. Suppose that a black ball 
(electron) is resting on a billiard table and is bound by a thread to a 


» nail driven into the table's surface and that a player, who does not see 


the thread, is trying to put it into the corner pocket by hitting it with 
a white ball (photon) (Fig. 22-8). If the player sends his ball with a 
comparatively small velocity, the thread will hold during the impact 
and nothing will come from this attempt. If the white ball moves some- 
what faster, the thread may break, but in doing so it will cause enough 
disturbance to send the black ball in a completely wrong direction. If, 
however, the kinetic energy of the white ball exceeds, by a large factor, 
the work necessary to break the thread that holds the black ball, the 
presence of the thread will make almost no difference, and the result 
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FIG. 22-8 A ball tied by a thread (black) is struck by a moving ball (white). If the white 
ball has little energy, the effect of the thread is important (A); if the white ball has high 
energy, the result will be nearly the same as though the black ball had not been tied (B). 


of the collision between the two balls will be about the same as if the 
black ball were completely unbound. 

Compton knew that the binding energy of the outer electrons in an 
atom is comparable to the energy of the photons of visible light. Thus, 
in order to make the impact overpoweringly strong, he selected for his 
experiments the energy-rich photons of high-frequency X rays. The 
result of a collision between X-ray photons and (almost). free electrons 
can be indeed treated in very much the same way as a. collision between 

two billiard balls. In the case of an almost head-on collision, the black 
4 
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(22-1) 


(22-2) 


(22-4) 


ball (electron) will be thrown at high speed in the direction of the impact, 
while the white ball (X-ray photon) will lose a large fraction of its 
energy. In the case of a side hit, the white ball will lose less energy and 
will suffer a smaller deflection from its original trajectory. In the case 
of a mere touch, the white ball will proceed almost without deflection 
and will lose only a small fraction of its original energy. In the language 
of light quanta, this behavior means that in the process of scattering, 
the photons of X rays deflected through large angles will have a smaller 
amount of energy and, consequently, a longer wavelength. The experiments 
carried out by Compton confirmed the theoretical expectations in every 
detail, and thus gave additional support to the hypothesis of the quantum 
nature of radiant energy. 


Questions 


1. What is the wavelength of the most intense radiation from the surface of 
(a) the star Antares, at about 2600°C? (b) the star Sirius, at about 9700°C? 
2. What wavelength is most intense in the radiation into space from (a) the 
surface of the earth at about 27°C? (b) the surface of Mercury, at about 327°C? 
3. What must be the temperature of a plate that is to emit its most intense 
radiation at 1.2 x 10* À? 

4. What is the surface temperature of a star that emits its most intense 
radiation at a wavelength of 2000 À? 

5. About how many W/m? are radiated from (a) the surface of Sirius? (b) the 
surface of Antares? (See Question 1.) 

6. How does the rate of energy emission per square mile from the surface of 
earth compare with rate from the surface of Mercury? (See Question 2.) 

7. The temperature of an electric heater element is 1200°K when it draws 
200 watts. What must its wattage be in order to raise its temperature to 1800°K? 
8. The voltage applied to a lamp filament is adjusted until its temperature is 
1500*K, at which point the filament draws 25 W. The voltage is now increased 
until the filament draws 50 W. What is the filament temperature now? 

9. Would radiation of the following wavelengths be called ultraviolet, visible, 
or infrared? (a) 5.1 x 1077 m, (b) 312 my, or 312 nm; (c) 3 x 1076 cm. 
10. Given radiation of these wavelengths: (a) 8400 A; (b) 630 nm or 630 my; 
(c) 6.3 x 107? m. Classify each as ultraviolet, visible, or infrared: 

11. What is the energy of a quantum of (a) a radio wave whose frequency is 
1490 kHz; (a) an infrared photon of 4 — 2 x 10* À; (c) a gamma-ray photon, 

= 6 x 10-3À? . 

12. What is the energy of a quantum of (a) a radio wave, frequency 870 kHz? 
(b) green light, 2 = 5500 A? (c) an X ray, 2 = 0.6 A? 

13. What is the wavelength of a photon whose quantum of energy is 3 x 
10-15 erg? 

14. Ifa photon is to have an energy of 10^ !? erg, what must be its wavelength? 


(22-5) 15. How much energy is needed to pull an electron away from a platinum 
plate? 
16. How much energy is needed to pull an electron away from a sheet of silver? 
17. A sheet of silver is illuminated by monochromatic ultraviolet radiation 
of 4 = 1810 A. (a) How much work is needed to free an electron? (b) How 
much energy is carried by each incident photon? (c) What is the maximum 
energy a photoelectrically-emitted electron can have in this experiment? 
18. Yellow light (4 — 5890 À) falls on a potassium surface. (This must be 
done in a vacuum to avoid oxidation of the potassium by the air.) (a) How 
` much work is needed to pull an outer electron free from the potassium? 
(b) How much energy is carried by a photon of this yellow light? (c) With 
what kinetic energy are electrons ejected from the potassium surface? ) 
19. If photoelectrons are to be emitted from a potassium surface with a speed 
6 x 107 cm/s, what frequency of radiation must be used? 
20. What frequency of radiation must fall on a silver surface in order that the 
photoelectrons may be emitted with a speed of 10* cm/s? 
21. An X-ray photon of å = 2.00 A is scattered by an electron in a Compton 
interaction. The electron flies away with a kinetic energy of 3 x 107!? erg. 
What is the wavelength of the scattered photon? i 
22. The wavelength of a photon is 0.080 nm before it is scattered by an electron 
in a Compton interaction. The wavelength of the scattered photon is 0.087 nm. 
What is the energy of the scattered electron? 
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When Rutherford (at that time plain Ernest Rutherford, not yet Sir 
Ernest or Lord Rutherford) was at the University of Manchester per- 
forming his epoch-making experiments that demonstrated the existence 
of the atomic nucleus, a young Danish physicist named Niels Bohr 
(1885-1962) came to work with him. Bohr was impressed by Rutherford's 
new atomic model, in which electrons revolved around the nucleus in 


much the same way that planets revolve around the sun. 


Rutherford's original model, however, had troubles that prevented its 
general acceptance. It was unable to make any predictions about the 
light that an atom would emit; and more serious than this was its conflict 
with the accepted laws of electromagnetic theory. Maxwell, in his work 


"on electricity, had showed that an accelerated electric charge would emit 


energy in the form of electromagnetic radiation—and this theoretical 
prediction had been proved true by the experiments of Hertz. An electron 
revolving rapidly around a nucleus must have a continual centripetal 
acceleration, and this acceleration would cause a continuous loss of 
energy by radiation. Bohr calculated that this emission of radiation 
would cause the electrons in an atom to lose all their energy and fall 
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into the nucleus within a hundred-millionth of a second! Since matter 
composed of atoms exists permanently, as far as we know, there was 
obviously something wrong here. Bohr's conclusion was that the con- 
ventional classical laws of physics must be wrong, at least when applied. 
to the motion of electrons within an atom. 

It is always easier to say that something is wrong than to find a way . 
to make it right that will be in agreement with experimental evidence. 
Bohr's proposed solution was so unconventional that he kept the manu- 
script locked in his desk for almost two years before deciding to send it 
in for publication. When the paper appeared in 1913, it amazed and 
shocked the world of contemporary physics. 

Bohr, in defiance of the well-established laws of classical mechanics 
and electrodynamics, proposed that the following rules must hold: 


I. Of all the infinite number of mechanically possible orbits for an 
electron revolving about a nucleus, only a few are permitted. These are 
the orbits in which the angular momentum of the electron is an integral 
multiple of h/2n. 2 

II. While circling around these permitted orbits, the electrons do not emit 
any electromagnetic radiation, even though conventional electro- 
dynamics holds that they should. 

II. Electrons may jump from one orbit to another, in which case the 
difference in energy between the two states of motion is radiated as a 
photon whose frequency is determined by the quantum rule AE = hf. 


These rules allowed Bohr to interpret the heretofore unexplained 
regularities observed in the spectra of hydrogen and other hydrogen-like 
atoms, and to construct a consistent theory of atomic structure. 

It had been known for many years that chemical elements, when in 
the form of an incandescent vapor, emitted radiation of only certain 
specific frequencies. Each element has its own pattern of spectroscopic 
lines, some of them very complex. The spectrum of hydrogen is especially 
simple—it has only four lines in the visible range, as shown in Fig. 23-1. 


FIG. 23-1 Part of the spectrum of hydrogen atoms, in or near the visible range, indicating 
the color of the emitted frequencies. 
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123-2 
'Bohr's Orbits 


In 1885 a German schoolteacher, J. J. Balmer, discovered that the 
frequencies of these visible lines could be very accurately given by a 
simple formula: 


329 x 10 (3 x s) 2329 x 1015 — 3) = 4.57 x 10!* Hz 


3.29 x 10!* E - A 2329 x 105 — zs) = 617 x 10'* Hz 


329 x 1015 (L — 1) = 3.29 x 10558 — 49 = 691 x 10'^ Hz 
3» 5 


329 x 10!5 t i a) = 329 x 105G — 3) = 7.31 x 10!* Hz. 


The actual frequencies of these lines, determined by measuring the 
wavelength in a grating spectrometer, and then using f — c/A, are 
4.569 x 1015, 6.168 x 10'4, 6.908 x 10^, and 7.310 x 10** Hz. 

In 1906, a Harvard spectroscopist, Lyman, discovered that the 
spectrum of hydrogen also included a series of lines in the ultraviolet, 
and that their frequencies could be given by a similar formula: 


f (Lyman) = 3.29 x 10!5 x m à, 3) 
las m 


in which n took on successive integral values of 2, 3, 4,...- 
Two years later, a German spectroscopist, Paschen, found another 
hydrogen spectrum series in the infrared, with frequencies 


f (Paschen) = 3.29 x 10/5 x ts A = 
3 
in which n took integral values of 4, 5, 6,.... 

Before Bohr's work, the multiplier 3.29 x 10!5 was completely 
empirical—it was merely the number needed to make the answers come 
out right, and had no theoretical justification. It was one of the jobs of 
Bohr's theory to show why the differences between the squares of these 
peculiarly simple fractions entered into the calculations of the frequencies 
of the radiations, and why the multiplier had the specific value 
3.29 x 10!5. 


The centripetal force that keeps the moon curving in its nearly circular 
orbit around the earth is of course-the gravitational attraction between 
the two bodies. For an electron orbiting in a hydrogen atom, the neces- 


| 
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sary centripetal force is the electrical attraction between the negative 
electron and the massive, positively-charged proton that is the atom's 
nucleus. The amount of charge is the same for both particles; we can 
refer to it as e C. They are separated by the radius of the electron's 
orbit, r m. Coulomb's law gives us that their electrical attraction in 
newtons is F = kQ,Q,/d* = ke?/r?, where k has the numerical value 
9 x 10°. This attraction is the centripetal force mv?/r, so we can write 


. This is a perfectly good equation, but it contains two unknown 
quantities: r and v. We need another equation containing r and v, 
which we get from Bohr's first postulate, or rule, about the angular 
momentum of the electron in its orbit. Angular momentum is Jw, and 
for a small particle like an electron the moment of inertia / is by definition 
mr?. The angular velocity œ we can express as v/r. This gives for the 
electron's angular momentum Jw = mr? x (v/r) = mor. According to 
Bohr, this was permitted to be only some integral multiple of A/2z, 
where h is Planck’s constant. Thus 


nh 
mo -—; f= 


2n 2nmv' 


in which Bohr's quantum number n can be any integer. That is, n = 1, 2, 3, 
or any other whole number, each number determining one of the per- 
mitted orbits. 

We now have two independent expressions for r; since they both 
equal r, they must be equal to each other: 


ke mh 
mv  2nmv 


2nke? 1... 2nke? 
- or = x ——. 
n h 


v 


This gives the speed of the electron in terms of only known quantities, 
We can substitute this for v in either of our expressions for r, to find r 
in terms of known quantities, Let us take the second one: 


ag aaa xen ain a 

2nm x 2nke? 4x? kme? ` 
Does this give a reasonable value for the size of a hydrogen atom? 
Let us try it, with m= 1. Planck’s constant h = 6.63 x 107?* J-s; 


436 
|, The Bohr Atom 
V 1 


23-3 . 
Electron Energies 


k 2.9 x 10°; m, the mass of an electron, is 9.11 x 107?! kg; and the 
electron charge e is 1.602 x 107 !? C. These values give 


(1)? x (6.63 x 10734)? 


pg sepia S NM. bie Mats SCT 
A 4n? x 9 x 10° x 9.11 x 107?* x (1.602 x 10:27)? 


= 53 x 107!! m = 0.53 Å. 
This gives an atomic diameter of about 1 À, which seems reasonable in 
comparison with the 4-À diameter of the larger air molecule, estimated 
in Chapter 12 by an entirely different approach. 
Larger orbits are also possible when n is given values of 2, 3, 4, etc. 
It is not necessary to refigure these orbits using all the constants included 
above. Everything is the same except the n’s, and r is proportional to n’: 


ry = 4rj,% r-9n, t= lór, o etc. 


Since the frequency (and wavelength) of an atom’s radiation is related 
to energy through E = Af, it will probably be useful to calculate the 
enérgy of the electron in its permitted orbits. This must of course 
include both kinetic and potential energies. Kinetic energy can be readily 
figured, using the value of v determined in the last section: 


A2 
KE = im? =” x anke 
2 nh 


. 2r! k?me* GE 1? k?me* 


mU pnt 


It was shown in an earlier chapter that the electric potential at a point 
r m from a charge of Q; C is V = kQ;/r, and that the potential energy 
of another charge Q, placed at that point is PE = kQ,Q,/r. These 
expressions were based on the arbitrary assumption of PE = 0 at an 
infinite separation; for our charges of +e and —e the PE will be negative. 
But we are concerned only with energy changes, and these will be the 
same no matter what zero reference we select. So, on this basis, we have 


= 2p ot 
PE = kei _ ke? 4n*kme' 
r ni 
|! —4n?k*?me* nk? me* 
= ot t x (4). 
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23-4 
Radiation and 
Energy Levels 


The expressions for KE and PE are identical except for the multipliers 

written at the end of each. The total energy, KE -- PE, is thus 

T? k?me* 
n 


l | 2n?k?me* 
M eI 


x (-2) 


n h? 
e sped x 2x? x (9 x 10°)? x 9.11 x 107?! x (1.602 x 107!9)* 
E (6.63 x 10-352 


-l x 218 x 10715, 
n 


Note that this energy is a negative number because of the way PE — 0 
was chosen. For n = l it is —2.18 x 107!5; for n = 2 it is only a 
fourth as large, or —0.545 x 10718; and so on. Since E, is a smaller 
negative number than E,, it follows that the electron in its n 2 orbit 
has more energy than in n = 1, and so on. As the quantum number n 
is increased, the electron energy becomes greater. At n = oo, the energy 
of the electron has increased to zero. 


Bohr's third postulate stated that when an electron jumps from one 
level to another level of lower energy, the energy difference AZ is radiated 
as a photon of energy Af — AE. Let us consider as an example an 
electron in a hydrogen atom, that jumps from the n = 4 level to n = 2, 


AE = E, — E, 


-1 y 218 x 10-8 —(-1 x 248 x 107" 
4 2 


2 
—4g x 248 x 10718 + 1 x 2.18 x 107% 
= 2.18 x 107!? x ($ — 7%) 
ET AIEO ( Y 


f=" $6 x105 "l4 16 


= (3.29 x 1015) x 0.1875 = 6.17 x 10'* Hz. 


Thus we see above that Bohr's work gave a convincing theoretical 
explanation for the puzzling multiplier 3.29 x 105 that had to be 
put in as a purely empirical factor by Balmer, Lyman, and Paschen. 
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` It iseasy to go from this specific example to a general formula covering 


` all the possible lines in the hydrogen spectrum: 


«LOSS DN 
[533 x px (5-2) 


nm nz 


in which n, can be any integer, and n; can be any integer greater than 
n,. For n, = 1 we obtain the Lyman series; for n, = 2, the Balmer 
series; for m, = 3, the Paschen series; for m, = 4,5,6,..., we get 
other series of lines of generally lower frequency and longer wavelength 
in the infrared. (The worked-out example above for the jump from 
n = 4ton = 2 is the second line in the Balmer series.) Figure 23-2 is a 


. diagram of the hydrogen energy levels for different n’s, and of the energy 


differences for. the various series. 

A question naturally arises about how the electron in the hydrogen 
atom could get up to a higher energy level in order to jump back and 
emit energy. Obviously, the electron can get in a higher energy orbit 
only by absorbing energy. This absorbed energy may come from colli- 
sions if the gas is heated to a high temperature. It may come from the 
energy of an electric spark or cathode-ray tube discharge, or it may arise 
from the gas absorbing, from radiation falling on it, those same frequencies 
that it is able to emit. 

Since an atomic electron can occupy TN those particular energy 
levels (or orbits) that we have just calculated, the energy differences 


. between levels are the same whether the electron emits radiation or 


FIG. 23-2 A schematic diagram of Bohr's hydrogen atom model, showing the origin 
of different series of lines in the hydrogen spectrum. 
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23-5 

Successes and 
Limitations of 
the Bohr Theory 


FIG. 23-3 Circular and 
elliptical atomic orbits of 
nearly identical energy, 
according to Sommerfeld. 


absorbs it. It cannot absorb a quantum that would bring it to an energy 
between permitted levels, and it cannot absorb a part of a quantum 
from a passing photon; it must be the whole quantum or nothing. 
Thus the frequencies of the absorbed photons must be exactly the same 
as the frequencies of the photons that the atom can radiate, 


As far as we have seen, the Bohr theory of the hydrogen atom seems to 
be a very successful one. But does this highly artificial picture of light 
emission by a hydrogen atom really make any sense? Haven't Bohr's 
postulates béen specially adjusted so as to lead in the end to the empir- 
ically established Balmer's formula? Certainly they were! But this is 
exactly how a new theory is usually introduced in physics. Newton intro- 
duced the notion of universal gravity in order to interpret the observed 
motion of the moon around the earth and of the planets around ‘the 
sun, and in the very same way Bohr introduced his three postulates per- 
taining to electron motion in an atom, and light emission by “jump” 
processes in order to interpret the observed laws of hydrogen line spectra. 
However, the criterion for the validity of any new theory in physics is 
not only that this theory should give a correct interpretation of previous: 
observations but that it also predict things that can be later confirmed by 
direct experiment. 

To a limited extent, Bohr's original theory was able to do this. Other 
spectral series were discovered in the infrared, just as predicted. The 
theory was also successfully applied to other one-electron systems with 
great accuracy. (lonized helium is such a system. Helium has two 


. electrons, but if one of these is ionized off, the resulting He* is very like 


H, except that its nucleus has a charge of 2e. Doubly ionized lithium, 
Li**, is another.) ^ 7 

With the development of highly precise spectroscopy, however, 
complications began to present themselves. A Balmer series line, for 
example, is not a single line, but six lines, separate and distinct, but all 
of very nearly the Bohr frequency. A part of these complications was , 
resolved by the German physicist A. Sommerfeld -and is illustrated in 
Fig. 23-3. While retaining, unchanged, the first of Bohr’s orbits, Som- 
merfeld added one elliptical orbit to Bohr’s second orbit, two elliptical 
orbits to Bohr's third orbit, etc. Although the elliptical orbits added by 
Sommerfeld had different geometrical shapes, they nevertheless corre- 
sponded to almost the same energies as Bohr’s circular orbits. A long, 
narrow ellipse, however, brings the electron close to the nucleus, where 
(by Kepler’s second law) its.speed must be much higher than its speed 
in a circular orbit of about the same energy. When relativistic corrections 
were applied, Sommerfeld found that a part of the splitting of the Bohr 
lines was successfully explained. 

For further explanation, it was necessary to consider each electron as 
a little ball of charge, spinning rapidly on its own axis (like the daily 
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(23-1) 


rotation of the earth) and contributing an additional effect not originally 
included by Bohr. 

All these elaborations of the original theory were well and good, and 
would still permit the atom to be pictured as a system of definite ball- 
like charged particles revolving in orbits about the massive central 
particle of the nucleus. This became a difficult picture to imagine, 
however, when it was found that some “orbits” must have zero angular 


. momentum. The only orbit that could have zero angular momentum 


would have been an oscillation back and forth along a straight line pene- 
trating to. the center of the nucleus. This seemed a most unlikely situation, 

And although the Bohr model worked well for the main features of 
the hydrogen atom, it would not give correct answers for atoms with 
more than one electron. The theory could not be adjusted or patched 


. up to make it yield the frequencies actually observed in even the two- 


electron atom of helium. 

As we shall see, this picture had to be abandoned. It is still, however, 
a great milestone in scientific achievement, and one that is still very 
useful. It showed that Planck's quantum ideas were a necessary part of 
the atom and its inner mechanism; it introduced the idea of quantized 
energy levels and explained the emission or absorption of radiation as 
being due to the transition of an electron from one level to another. As 
a model for even multielectron atoms, the Bohr picture is still useful. 
It leads to a good, simple, rational ordering of the electrons in larger 
atoms and qualitatively helps to predict a great deal about chemical 
behavior and spectral details. Even the most abstract theorist, although 
he now ignores the Bohr model in his calculations, still imagines the atom 
as composed of electrons in various orbits and finds this picture to be a 
very useful thing. 


Questions 


1. Figure 23-1 shows the first two of the theoretically infinite number of lines 
in the ultraviolet that Balmer was not able to observe. Calculate the frequency 
of the one of longer wavelength. 


2. Of the pair of UV lines shown in Fig. 23-1, calculate the frequency of the 
one of shorter wavelength. (See Question 1.) 


3. Show that the dimensions of Planck's constant are the same as the dimen- 
sions of angular momentum. 


4. Sirice both the electron and the proton in a hydrogen atom have mass, 
there is also a gravitational attraction between them. What is the ratio of their 
gravitational to their electrical attraction? Do you think this justifies the 
gravitational force having been neglected in computing the Bohr orbits? 
(The mass of a preton is about 1840 times the electron mass.) 


(23-2) 


(23-3) 


(23-4) 


5. What is the radius of the fourth permissible orbit in a hydrogen atom? 

6. What is the radius of the third quantum orbit of the electron in a hydrogen: 
atom? 

7. The nucleus of the lithium atom has a charge of +3e, and the atom has. 
three orbital electrons. Consider a doubly-ionized lithium atom that has only 
one electron left, making it similar to the hydrogen atom. What is the radius 
of its smallest (2 = 1) orbit? The derivation would be the same as that for 
hydrogen, except that at the beginning, instead of e x e = e?, you have 
e x 3e. With this knowledge, you can skip at once to the end and make the 
necessary change in the expression for hydrogen.) 

8. The atomic number of helium is 2; i.e., its nucleus has a charge of +2e, 
and it has two electrons. Consider a singly ionized helium atom, with only one 
electron left. What is the radius of its smallest (n — 1) orbit? (See Question 7.) 
9. What is the total energy of a hydrogen electron in its fifth (n = 5) orbit? 
10. An electron is in its n = 6 orbit in a hydrogen atom. What is its total 
energy? 

11. (a) What is the kinetic energy of a hydrogen electron in its n = 5 orbit? 
(b) What is its potential energy? (It is not necessary to work this out laboriously. 
The solution is easily found from the answer to Question 9.) 

12. What is (a) the KE, and (b) the PE, of a hydrogen electron in its n = 6 
orbit? (See Questions 11 and 10.) 

13. Give the PE, KE, and total energy of an electron in the n = 3 orbit of 
ionized helium, (Do this the easy way, from the given value of E, for hydrogen. 
Questions 7 and 11 may contain helpful remarks, if needed.) 

14. A doubly ionized lithium atom (atomic number 3) has an electron in its 
n = 4orbit. What are its PE, KE, and total energy? (Questions 7 and 11 may 
help in doing this the easy way, starting from the known value of E, for 
hydrogen.) : 

15. A hydrogen atom makes a transition from n = 4 to n = 3. (a) What is 
the wavelength of the emitted photon? (b) Is this photon visible? (c) Of which 
spectral series is this photon a member? 

16. (a) What is the wavelength of the photon emitted when a hydrogen 
electron jumps from n = 2 to n = 1? (b) Is this a photon of visible light? 
(c) What is the name of the series of which this spectral line is a member? 
17. Doubly ionized lithium ions (see Question 7) produce a spectrum similar 
that of hydrogen atoms. Transitions from higher n ton = 2 will give a spectral 
series analogous to the Balmer series of hydrogen. How will the frequencies of 
these lines compare to the Balmer frequencies? 

18. A singly ionized helium ion (see Question 8) has a spectrum qualitatively 
similar to the spectrum of atomic hydrogen. Transition from higher n ton = 1 
will produce a series analogous to the Lyman series of hydrogen. How will 
their frequencies compare with those of the hydrogen Lyman series? 

19. Consider a sample of hydrogen in which most of the atomic electrons are 
in their n = 1 state. White light passed through this gas will show absorption 
lines where some frequencies have been absorbed. Which series will show the 
stronger absorption, the Balmer or the Lyman? 
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20 The lower dense layers of a star’s atmosphere emit a continuous spectrum 
of all frequencies; in passing through the rare upper layers of the star's 
atmosphere, frequencies are absorbed characteristic of the elements in the 
upper atmosphere, which always contains much hydrogen. In the spectrum of 
cool stars (up to 5000°K) the Balmer absorption lines are very weak. They 
become darker in stars of higher temperature up to about 10,000°K. In hotter 
stars, the Balmer lines become weaker again. Explain. 


Having become acquainted with the possible orbital motions of the one 
hydrogen electron, as permitted by the Bohr-Sommerfeld rules, we can 
now tackle the question of the structure of the multielectron atoms. 

Bohr introduced the principal quantum number n. In his model, this 
was done by quantizing, or assigning only certain specific values to, the 
angular momentum of the electron; however, this did not last long. 
We still keep n as the principal quantum number, but it now refers to 
the general energy level of the electron, which is also quantized, or 
allowed only certain values, as we have previously calculated. 

The second quantum number /, the orbital quantum number, came into 
the picture as a result of Sommerfeld's introduction of elliptical orbits. 
This quantum number, rather than n, is the measure of the angular 
momentum of the electron, which depends on the ellipticity of the orbit, 
A-circular orbit has the maximum angular momentum; an oscillation 
along a straight line penetrating the nucleus has a zero angular momen- 
tum. It was found (through the analysis of spectra of various elements) 
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that | could have only integral values ranging from 0 to n — 1. For 
n = 1, for example, / can have only the value 0;forn = 3, lcan be 0, 1, 
or 2. For the hydrogen atom, the shape of 'the orbit has little effect; 
except for the small relativistic correction, the energies are all the same 
for a given value of n. In larger atoms, though, the effect may be con- 
siderable. Figure 24-1 is a schematic diagram of a sodium atom, which 
has 11 electrons and whose nucleus therefore has a charge of -- 11e. The 
eleventh electron, when in a circular orbit, is constantly shielded from 
the nucleus by the negative charges of the 10 inner electrons. In an 
elliptical orbit, it penetrates this shield and spends part of each orbital 
revolution close to the strong attraction of the less well-shielded nucleus. 
Here, the electron has a larger negative PE, and therefore a lower total 
energy than it has with a more nearly circular orbit of larger /. Hence 
electrons of different /’s can have quite different energies, even though n 
may be the same. 7 

Spectroscopists had observed that many normally single spectral 
lines split up into several lines when the atoms of the gas emitting them 
were in a strong magnetic field. It was obvious from this that something 
else was quantized; this turned out to be the direction, or orientation, 
of the angular momentum. 

Involved quantum-mechanical arguments, which must be left to a 
more advanced course, show that the original Bohr-Sommerfeld con- 
cepts were oversimplified. The angular momentum of the electron in its 


FIG. 24-1 Schematic diagram of a sodium atom: the energy of the outermost eleventh 
electron depends on whether its orbit is circular or elliptical. 
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orbit turns out to be /I(I + 1) x A/2z, rather than the integral multiple 
of h/2n first assumed. The angular momentum vector (perpendicular to 
the plane of the orbit) cannot point in just any direction—it can take 
only those orientations in which its component in the direction of the 
magnetic field is an integral multiple of A/2z. 

We may look on the orbiting, negatively charged electron as being a 
little electric current that produces a tiny magnetic field perpendicular 
to the plane of its orbit. This magnetic field. (technically, its magnetic 
moment) is directly proportional to the angular momentum; so it must 
therefore also be quantized in the direction of the magnetic field. The 
integral multiplier m (often written as mj) is the magnetic quantum 
number. 

It takes work to turn a bar magnet into various orientations with a 
magnetic. field, and therefore each different orientation will have a 
different potential energy. Similarly, the orbiting electron will have 
slightly different energies in each of its permitted orientations, from a 
minimum at m = —/ to a maximum at m = +l. These added energy 
levels account for a part of the splitting of spectral lines in a magnetic 
field. 

As Fig. 24-2A shows, when L= 1, m can be —1, 0, or +1, each 
one with a slightly different energy, the energy differences being pro- 
portional to the strength of the field. Figure 24-2B illustrates the seven 
different m’s possible when / = 3. In general, m can take on 21+ 1 


^ 


v 


FIG. 24-2 Vectors representing the orientation of an electron's magnetic moment ina 
magnetic field. Only those directions are allowed that give an integral component (+, —, 
or 0) in the direction of the field. . 
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+ "There was also a further line splitting not accounted for that was 
explained by the concept of electron spin. Still holding to the picture 
given by the Bohr model, we can imagine the electron as a spinning ball 

Y of mass and charge, which would itself have a quantized angular momen- 
tum and magnetic moment, regardless of its orbital motion. Following 
quantum-mechanical arguments analogous to those for l the spin 
angular momentum and the quantized magnetic moments come out as 
in Fig. 24-3. The spin quantum number, s, (often called m,), can have but 
two values: —J and +4; s = 0 is not allowed. 

This gives a total of four quantum numbers: z, /, m, and s—a far cry 
from the simple n first introduced by Bohr. It should be noted that the 
quantization of m and s exists whether or not the atom is in an external 
magnetic field—the field serves only to separate the energy levels and 
make them apparent in the line splitting of the spectrum. 


24-2 We have seen that in the case of the hydrogen atom, the electron puts 
The Exclusion — itself in the lowest energy level available; if it is excited into a higher 
d Principle energy, it at once falls back tom = 1, either all in one jump or in several 


steps, emitting its excess energy as radiation as it does so. Is this also 
the case for the multielectron atoms? 

If it were, the normal, unexcited state for any atom would find all 
"its electrons—105 of them in the artificially produced element hahnium! 
> —packed together in an overcrowded ring in the first of the Bohr orbits. 
With atoms of increasing atomic number, this ring would become more 
and more crowded because it would have to accommodate more elec- 
trons, and also because the ring would become smaller due to the 

stronger attraction of the increasingly positive nucleus. 
If this were true, the size of atoms would decrease rapidly with 
increasing atomic number, and a lead atom would be much smaller than 
e one of aluminum Experiment tells us this is not so; although atomic 


FIG. 24-3 The only two possible orientations of the spin vector. 
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24-3 

Electron Shells 
and the Periodic 
Table 


sizes show periodic variations, they remain roughly the same for the 
entire list of elements. To avoid this contradiction, and to allow for an 
interpretation that would explain the observed frequencies in each 
element's spectrum, some new restriction was necessary. This was pro- 
posed by the Austrian physicist Wolfgang Pauli in 1924. It is known as 
the exclusion principle, and says that in any atom, no two electrons can 
have the same identical set of the four quantum numbers. 


With the help of the quantum numbers and the exclusion principle, we. 
are in à position to find the pattern of the electrons in the elements. The 
element immediately following hydrogen is helium, the atom of which 
contains two electrons. If these two electrons spin in opposite directions, - 
both can be accommodated on the first (circular) Bohr's orbit, as shown ~ 
in Fig. 24-4. The quantum numbers for helium's two atoms are n = 1, 
1=0,m =0,5 = —}4;andn = 1, } = 0, m= 0, s = +4. These two 
electrons are all that can be accommodated in n = 1, because / and m 
can have only the value 0, and we have used up both ss. 

All the electrons with the same n are what is called a shell; there can 
be a maximum of 2n? electrons in a full shell. For historical reasons 
dating back to the early days of spectroscopy, the n = 1 shell is known ,: 
as the K shell, the n = 2 shell is the Z shell, and so on. 

The next element is lithium, with three electrons. (It is the number of 
electrons that gives each element its atomic number. Since atoms are 
electrically neutral, the atomic number also gives the positive charge of 
the element’s nucleus.) Because there is no more room in the K shell 
(n = 1), the third electron must be content with a place in the L shell 
(n = 2). There it will fit the energy level (or Bohr orbit, if we care to 
hold to this picture) n = 2, l = 0, m = 0,5 = —3. The fourth electron 
of beryllium finds the lowest vacant level to have the same quantum 
numbers except for the spin, which must be reversed to s = +4 if it is 
to fit in the same subshell with the third electron. (A subshell is a group 
of atoms having the same /.) Since there are (2/ + 1) possible values for 
m, and each m may have two different spins, a subshell can hold 
2(21 + 1) electrons. ; 

The added electrons for the next six elements (boron, carbon, nitrogen, 
oxygen, fluorine, and neon) fill the / = 1 subshell, which also completes 
the n = 2 shell. So, considering the next eight elements in the atomic 
number sequence (sodium through argon), these go into the n = 3 
shell, filling the / = 0 and / = 1 subshells. 

In this n — 3 shell, / — 2 is permitted, and after argon (Z = atomic 
number — 18), we might expect that the last electron of the next element, 
potassium, Z — 19, would go into the n = 3, 1 = 2 subshell. But this 
is noi what happens. Because of the lower energy of the more elliptical 
orbits of smaller /, n = 4, l = 0 represents a lower energy than n = 3, 
1 = 2; so the outermost electrons of potassium and calcium are placed 


He (2 electrons) 


E 


“u 3 ea 
| 


Won dog 


l 
X 


Li (3 electrons) 


“Ne (1O eleétrons) P Na (11 electrons) 


_ FIG, 24-4 . How the electron shells and subshells are filled in atoms of increasing atomic 
number. As the atomic number increases, the size of the shells becomes smaller because 
of the increased attraction of the greater nuclear charge. The result is that all atoms have 
roughly the same size, no matter how many electrons they contain. 


in this subshell of lowest available energy. The next 10 elements— 
scandium (Z = 21) through zinc (Z = 30)—go back to fill the vacant 
n = 3,1 = 2 subshell. The interrupted filling of the n = 4 shell is then 
continued, and its / = 1 subshell is completed by the last electron of 
krypton (Z = 36); then back to start the n = 5 shell, and so on. 

Tn this sequence, we can see that there is a sort of periodic regularity 
as we check through the list of elements in atomic-number order. Similar 
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periodic regularities in chemical characteristics were noticed by nine- 
teenth-century chemists when the elements were arranged in the order 
of their atomic weights. But the important step of actually arranging 
the elements into a periodic table, or chart, was not made until 1869, by 
the Russian chemist Dmitri Mendeleev (1834-1907). At that time, the 
systematic electron structure of atoms was not even suspected, and 
Mendeleev was further handicapped by the fact that the list of chemical 
elements then known was rather incomplete. 

Driven by a strong belief that there must be a regular periodicity in 
the natural sequence of elements, Mendeleev made the bold hypothesis 
that the deviations from the expected periodicity in his list were due to 
the failure of contemporary chemistry to have discovered some of the 
elements existing in nature. Thus, in constructing his table, he left a 
number of empty spaces to be filled in later by future discoveries, and 
in certain instances he reversed the atomic-weight order of the elements 
in order to comply with the demands of the regular periodicity of their 
chemical properties. 

Mendeleev thought his needed reversals of atomic-weight order were 
evidence that some of the atomic weights had been erroneously deter- 
mined. This was not the case, however, and we can see now that his 
difficulty was caused by the fact that the fundamental property of atoms 
that dictates their chemical behavior and the order in which they should 
be arranged is not their atomic weights (which are only incidental), but 
their atomic numbers. 

Such a table in a more modern and complete form is shown in Fig. 
24-5. The columns of elements running up the page are periods, and 
include elements whose outer electrons are in the same shell—or, what is 
the same thing, have the same principal quantum number n. TThe rows of 
elements running across the page are more important to the chemist. 
Up from the bottom of the page, the first two rows, and the last six rows 
at the top, include the eight major chemical groups, whose members have 
similar chemical behavior. In Group I, at the bottom, for example, we 
have hydrogen* and the alkali metals, all of low density and chemically 
very active, and each with one outer 1 = 0 electron. Their chemical 
behaviors are very similar, as we might expect, because chemical behavior 
is controlled largely by the outer electrons. The members of Group II 
are also all chemically similar, as each has two outer electrons. The other 
groups likewise have quite similar behavior, on to Group VIII, the so- 
called “noble gases" that resemble each other in forming no stable 
chemical compounds with other elements, or even with themselves. 
Ne 

* Hydrogen seems out of place here, because this gas does not appear to be at all metallic. 
But there is good theoretical reason to believe that at very high pressures this ordinary gas 
crystallizes to form a solid with the characteristics of metals. Astronomers, in fact, believe 


the cores of the giant planets Jupiter and Saturn are composed of this so-called ‘metallic 
hydrogen.” 
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Alphabetical by Symbol 


Actinium 89 
Silver 47 
Aluminum 13 
Americium 95 
Argon 18 
Arsenic 33 
Astatine 85 
Gold 79 
Boron 5 
Barium 56 
Beryllium 4 
Bismuth 83 
Berkelium 97 
Bromine 35 
Carbon 6 
Calcium « 20 
Cadmium 48 
Cerium 58 
Californium 98 
Chlorine 17 
Curium 96 
Cobalt 27 
Chromium 24 
Cesium, 55 
Copper 29 
Dysprosium 66 
Erbium 68 
Einsteinium 99 
Europium 63 
Fluorine 9 
Iron 26 
Fermium 100 
Francium 87 
Gallium 31 
Gadolinium 64 
Germanium 32 
Hydrogen 1 
Hahnium 105 
Helium 2 
Hafnium 72 
Mercury 80 
Holmium 67 
lodine 53 
Indium 49 
lridium 77 
Potassium 19 
Krypton 36 
Kurchatovium 104 
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24-4 

Spectra of 
Multielectron 
Atoms zd 


In the center of the table are the transition elements. Here, as we — 
progress up the page in order of atomic number, electrons are being added 
in buried shells beneath the surface of the atom. In Period 6, for example, 
as we go from bottom to top in the transition elements, electrons are 
being added to the n = 5,7 = 2 subshell. In this same Period 6, elements 
Z = 57 to 70 (the lanthanides) are added in the n = 4, / = 3 subshell. 

Figure 24-6 sketches the energy levels in the subshells of each shell 
in a schematic, qualitative way. In this, the standard chemists’ notation 
for the subshells has been used: 


s-electrons: / = 0; subshell holds 2 electrons 
p-electrons: / = 1; subshell holds 6 electrons 
d-electrons: / = 2; subshell holds 10 electrons 
f-electrons: l = 3; subshell holds 14 electrons. 


The notation “4d,” for example, represents the subshell of m = 4, 
1 = 2, The number of electrons in that subshell is often written as a 
superscript, resembling an exponent. We might write the entire electronic 
structure for the element zirconium (Zr; Z = 40) in this way: 15?, 2s?, 
2p°, 3s?, 3p9, 4s?, 3d*°, 4p°, 5s?, 4d?. (Follow this on Fig. 24-6!) 

Some of the subshell levels overlap somewhat, as the energies are 
affected by added electrons. For example, niobium (Nb; Z = 41) we 
should expect to be. identical to Zr, except for the final notation, which 
would put a third electron in the 4d shell to give 4d?. This is not quite 


_ the case, however. With the added forty-first electron, the Ss subshell 


loses one, and the 4d subshell gains two, giving 5s', 4d*. There are 
several other such irregularities deviating from the scheme of Fig. 24-6 
—it is enough for us to recognize that they are there, and leave the 
details to the analytical chemists. 

It may be worth noting that each period begins with the two / = 0 
s-electrons of the period number, and ends with the filling of the / = 1 
p-subshells of the same number. 


The single-electron of hydrogen has only a relatively small number of 
energy levels} which are easily calculated by the Bohr theory. For this 
reason, it has a simple spectrum whose regularities were apparent. The 
104 other and larger atoms have spectra that are much more complex 


„and whose fundamental regularities are not at all apparent. Neverthe- 


less, each element when vaporized has its own set of frequencies that 
it is able to emit or absorb, in a pattefn as characteristic of that element 
as a set of fingerprints is of an individual human. 

These characteristic spectra are produced by the outer electrons of 
the elements. But since each outer electron is influenced not only by the 
nucleus but by other electrons as well, the arrangement of possible 
energy levels can be very complicated, and the differences between 
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24-5 
Lasers 


(emission or absorption) can tell not only of what atoms or molecules a 
substance is composed, but in what relative amounts they are present. 
This is enormously useful in many industrial fields. 

Without the spectroscopic analysis of the light from distant stars and 
gas clouds, astronomy would still be back in the nineteenth century. 
In a later chapter we will look in more detail at the contributions of 
spectroscopy to our knowledge of the universe. 


So far, we have pictured only two steps in the production of the spectrum 
of an element. An outer electron (the only electron in the case of hydro- 
gen) absorbs exactly enough energy from a passing photon, from a 
collision, or from an electric impulse, and is thereby raised to some 
permitted higher energy level. Then, after a brief waiting period, gen- 
eraiiy about 10^? s, the electron spontaneously drops back to its lowest 
energy level, either in one jump or perhaps in several if there happen to 
be intermediate levels along the way, emitting one or more photons as 
it does so. 

The only role we have assigned to the passing photon is to give up 
its entire energy in exciting the electron to a higher energy level. How- 
ever, photons can and do play another part in this scheme. During the 
time the excited electron is pausing to wait for its spontaneous fallback 
down to a lower level, it is very susceptible to having this fallback 
stimulated, or induced to take place sooner than otherwise, by interaction 
with a photon of the proper energy. 

Imagine a population of excited atoms: In some the outer electron 
is in its lowest energy level E,; some others are excited to the second 
level E;; and some are in the E, state. Now consider a passing photon 
whose energy hf is equal to E, — E;. We have already noted one effect 
it may have—it may interact with an electron in the E; state and give 
up its energy to raise the electron to E;. But it may also interact with 
an electron in the Æ, state, to stimulate the electron to drop back at 
once and emit its Af = E, — E, photon. What makes the laser possible 
is that this emitted photon travels in exactly the same direction as the 
stimulating photon, and is exactly in phase with it. This is very different 
from a spontaneously emitted photon, which may be in any direction, 
and whose phase is not necessarily in step with that of any other photon: 

Ordinarily this effect is not noticeable, because there are generally 
more atoms in the lower energy states, so the fate of most photons of the 
proper energy is to be absorbed in exciting the electrons. One of the 
tricks that makes a laser work is to provide more electrons in a state of 
higher energy. One type of laser uses a rod of synthetic ruby crystal— 
made of colorless aluminum oxide plus a fraction of a percent of chro- 
mium atoms. An intense flash of white light excites most of the chromium 
atoms to a higher-energy state that is metastable—that is, the electrons 
remain at this level for the enormously long average time (atomically 
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FIG. 24-7 (A) The atomic electron, in a high energy level, is ready to be stimulated into 
emission by a passing photon of the proper energy. (B) The electron has dropped back to a 
level of lower energy, emitting a photon exactly duplicating the stimulating photon. (C) 
Photons not parallel to the axis of the rod leak out of the cylindrical sides. The intense 
standing wave,- composed of many coherent photons, can be started by one photon 
exactly in the axial direction. 


speaking) of about 107° s before spontaneously dropping back to a 
level of lower energy. 

The earliest of these spontaneously produced photons stimulate the 
production of others; each one is exactly in phase with the stimulating ' 
photon, and traveling in exactly the same direction (Fig. 24-7A and B). 
If this were all, though, it would be only an interesting experiment, rather 
than an increasingly useful tool. To produce a laser of this type, the 
synthetic ruby is made in the shape of a cylinder, with its ends exactly 
flat and exactly parallel. These ends are now silvered—one completely, 
to reflect as perfectly as possible, and the other only partially, so that a 
fraction.of the incident photons may escape. 

An early spontaneous photon that is of just the right wavelength 
and is exactly perpendicular to the silvered ends, will be reflected back 
and forth between them to set up a standing wave (Fig. 24-7C). This 
stimulates the emission of other photons, which follow it exactly in 
both phase and direction, and these stimulate others, and so on until 
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24-6 
Continuous 
Spectra 


the standing wave grows to enormous intensity. Photons from this 
standing wave that leak through the partially silvered end constitute 
the actual laser beam. 1 

This is a beam of coherent light. All the photons are in phase with each 
other, and all are traveling in the same direction. Such a coherent 
beam will spread very little. It can be focused by lenses or mirrors to a 
tiny point of concentrated energy that is able to burn through steel, to 
make microscopic welds, or to sear living tissues in bloodless surgery. 

The ruby laser (“laser,” from the initial letters of “Light Amplifica- 
tion by Stimulated Emission of Radiation") emits its great energy in 
very short pulses. Between pulses, another flash of light is needed to 
again raise the electrons to their higher energy levels. Most gas lasers, 
operating on the same basic principle, have a much less powerful out- 
put, but have the advantage of being able to emit their coherent beams 
continuously, rather than in intermittent pulses. Recent research, how- 
ever, has made possible the development of gas lasers whose continuous 
beams rival, or even exceed, the intensity of the intermittent flashes from 
crystal lasers. 


Jeans's trouble with the “ultraviolet catastrophe” and Planck's solution 
for the difficulties arose from the analysis of radiation from hot bodies. 
If you examine the spectrum radiated from the hot tungsten filament of 
an incandescent lamp, you will find it to be continuous—a// frequencies 
are present, and there are no lines to be seen. Iron vaporized in an elec- 
tric arc emits a very definite pattern of many lines, by which the element 
iron can be identified. But a crucible of incandescent molten iron or 
a red-hot piece of solid iron will emit a continuous spectrum that cannot 
be distinguished from the emission from gold or tungsten or any other 
solid or liquid substance at the same temperature. 

In a gas at relatively low pressure, the atoms are separated far apart, 
and the energy levels available to the outer electrons come from the atom 
itself, without disturbance from the outside. These energies have definite 
values, and the spectrum of billions of similar undisturbed atoms will 
include only certain definite frequencies. In solids or liquids, however, or 
even in compressed gases, the atoms are crowded close together. The 
energy levels are constantly and unpredictably being distorted by the 
electric fields of neighbors, who come and go and interfere continuously 
and randomly. Under such circumstances, all frequencies are possible 
and the spectrum is continuous. 

The spectrum of the sun is an interesting combination. First accurately 
observed and measured by the German physicist Joseph Fraunhofer 
(1787-1826),. the solar spectrum consists of a continuous spectrum 
crossed by many thousands of dark lines, each one indicating a frequency 
that is missing (or at least reduced in intensity) from the sun's radiation. 
The sun is composed entirely of hot gas, and its density rapidly increases 
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FIG. 24-8 The sun—a sphere of gas without a definite boundary. The photosphere is 
the layer of gas that emits the sunlight we see; some frequencies of this emission are 
absorbed in the chromosphere. 


with depth. In the deep and denser layers of the solar atmosphere, gas 
atoms are crowded so close together that they emit a continuous radiation 
of all frequencies. The depth at which this continuous emission occurs 
is the photosphere (Fig. 24-8), which is what appears to us to be the “sur- 
face" of the sun as we observe it. In coming from the photosphere to 
| our instruments, this radiation passes through thousands of miles of 

solar atmosphere of lower density, in which the atoms can act as indi- 
| viduals. In this less-dense region (the chromosphere), the atoms of each 
element present absorb their own characteristic frequencies. These 
| absorbed frequencies we see as the dark Fraunhofer lines. 

Analysis of these lines shows that, apart from the large predominance 
| of hydrogen and helium gases, the chemical composition of the sun is 
identical with that of our earth. By using the methods of spectral analysis, _ 
astronomers have been able to learn a great deal not only about the sun, 
but also about the chemical composition of the planetary atmospheres 
and the outer envelopes of distant stars. 


24-7 


X-Ray Spectra Corresponding to the single electron of the hydrogen atom, the outer- 


most electrons of other atoms also-have orbits of higher energy to which 
| they can jump when excited by heat or strong electrical fields or by the 
| absorption of radiation of the proper frequency and energy. In dropping 
| back to their normal levels, these electrons radiate frequencies charac- 
| teristic of the atoms to which they belong. As in the hydrogen atom, 

these outer-electron frequencies are in the range of visible light, infrared, 
| or ultraviolet. X rays are likewise produced by electron jumps from one 
| energy level to another, but the energy differences radiated away are. 
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enormously. greater than those associated with outer electrons, and th 
resulting X rays are of very high frequency. 

An X-ray tube is similar in principle to a B odeny tube, and elec 
trons emitted from the cathode are accelerated through a vacuum 
a potential of many thousands of volts, to strike against a metal anode, 
There are two ways in which this electron bombardment may cause 
high-frequency radiation to be emitted. First, the electron may be rapidly 
decelerated when it strikes the target. We know from Maxwell’s work | 
that any accelerated charge will emit electromagnetic radiation, and 
these electrons (since they are not in atomic orbits) are no exception. 
The deceleration of the free bombarding electrons is not quantized, so 
the resulting photons they emit can have any and all frequencies less 
than a certain limit. This limit comes from the principle of conservation 
of energy; the decelerating electron cannot emit a photon whose quan- | 
tum of energy is greater than the kinetic energy of the electron. If, for 
example, the electrons are accelerated in the X-ray tube through a 
potential difference of 20,000 V, each electron will have an energy of 
E=Vq=2-x.10* x 1.6 x 1071? = 32 x 107!5 J, or 3.2 x 107% er, 
From Planck's E = hf, we see that the highest possible frequency that 
can be emitted is f = 3.2 x 10715/6.63 x 10-34 = 4.8 x 1018 Hz. 
This corresponds to a wavelength of A 23 x 105/48 x 1015 = 62 x 
10-!! m, or 0.62 À. This is shown as the "limiting wavelength" in 
Fig. 24-9. 

Sometimes, however, a bombarding electron may actually knock an 
electron out of one of the inner shells of an atom of the target, or anode, ` 
When a heavy metal atom thus loses an inner electron, the vacancy is 
filled by one of the outer electrons falling down to take its place, and the 
energy differences between inner and outer electron shells are enormous, 


FIG. 24-9 Schematic diagram of an X-ray spectrum. 
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particularly for the atoms of heavy metals. These large energy dif- 
ferences, by the E — Af relationship, are radiated away as energetic 
photons of very high frequency. 

These photons of definite energy are shown as the spikes on the graph 
in Fig. 24-9. The series of lines marked K are caused by vacancies in the 
innermost K shell being filled by electrons from the L, M, and other 
outer shells. The lines marked L are emitted by electrons from outer 
shells falling into L-shell vacancies, etc. Each element has its own parti- 
cular schedule of energy differences, and thus each element has a 
characteristic X-ray spectrum by which it can be identified. 


Questions 


1. (a) If n = 4, what values can / have? (b) What is / if there are shown to be 
five different values for m? 

* (a) For n = 3, what are the possible values for /? (b) For / = 3, what are 
the possible values for m? 

* In some systematic tabular form, list all the possible different sets of 
quantum numbers for n = 3. 

* List in some tabular form each individual different set of four quantum 
numbers possible for n = 2. 

* Thevolume of a gram-atomic weight of iron (at. wt, 55.8; density, 7.9 g/cm?) 
is 55.8/7.9 = 7.1 cm?. Since an atomic weight contains 6 x 10?? atoms, the 
volume of an iron atom is 7.1/6 x 10?? = 1.2 x 107? cm?. What is the 
approximate volume of an atom of (a) aluminum (at. wt, 27; density, 2.7 
pu (b) lead (at. wt, 207; density, 11.4 g/cm*)? 

* Compare the volumes of an atom of lithium, the lightest metal (at. wt, 6.94; 
density, 0.53 g/cm?) and an atom of osmium, the densest metal (at. wt, 190; 

lensity, 22.5 g/cm’). 

' List the four quantum numbers for each of the electrons in an atom of 
fees (Z = 3). 

* List the four quantum numbers for each of the electrons in an atom of 
beryllium (Z — 4). 

* What are all the possible values of / for electrons in the M shell? 

10. What are all the possible values of / for electrons in the N shell? 
M Tabulate in spdf notation all the electrons in an atom of phosphorus. 
' In spdf notation, list all the electrons in an atom of potassium. 
' Refer to the periodic table: What elements have (a) n = 2 and / = 1? 
)n = 3and/ = 0? 

` In the periodic table, Fig. 24-5, find the elements that ie (a) n.— 2and 
I 
dc 0; (b) n = 3and / = 1. 

* Given and l for (a) elements 71-80, (b) elements 31-36, (c) elements 57-70. 
à Give n and / for (a) elements 39-48, (b) elements 89-102, (c) elements 
103-105. 
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7: High-energy X rays of À = 008 A are to be produced a 
What is the minimum potential difference that must be 
and anode? 

18. Tn an X-ray tube, ees porani SRS 


Although Bohr's theory of atomic structure was successful in explaining 
a large number of known facts concerning atoms and their properties, 
the three fundamental postulates underlying his theory remained quite 
inexplicable for a long time. The first step in the understanding of the 
hidden meaning of Bohr's quantum orbits was made by a Frenchman, 
Louis de Broglie, who tried to draw an analogy between the sets of dis- 
crete energy levels that characterize the inner state of atoms and the 
discrete sets of mechanical vibrations that are observed in the case of 
violin strings, organ pipes, etc. “Could it not be,” de Broglie asked him- 
self, “that the optical properties of atoms are due to some kind of 
standing waves enclosed within themselves?" As a result of these con- 
siderations, de Broglie came out with his hypothesis that the motion of 
electrons within the atom is associated with a peculiar kind of waves which 
he called “pilot waves.” According to this unconventional view, each 
electron circling around an atomic nucleus must be considered as being 
accompanied by a standing wave that runs around and around the 
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electronic orbit. If this were true, the only possible orbits would be those 
whose lengths are an integral multiple of the wavelength of the corre- 
sponding de Broglie wave. 

Figure 25-1 shows the application of de Broglie’s idea to the first three 
orbits of the Bohr hydrogen atom. In order to have n complete wave- 
lengths (A,) fit into the circumference of the nth orbit, the following 
relationship must be true: 


nA, = 2nr,. 
In Bohr's theory of the hydrogen atom, we had 
nh? 
=: 
4n*kme? 


Substituting this into the preceding equation gives 


" n? 
en Dake? 

nh? h nh 
wa 2nkme? m * "nke! 


The last multiplier in the equation above may have a vaguely familiar 
look. If we turn back to Bohr again, we find it to be the inverse of the 
electron velocity: 

NE 2nke? 


s nh 


So, in the expression for A, instead of multiplying by nh/2nke”, we can 
divide by v, to find the very simple equation 


The relationship above states de Broglie’s fundamental hypothesis, that 
the wavelength of the wave associated with a moving particle is equal 
to Planck’s quantum constant divided by the momentum of the particle. 
Although we have justified this by considering an electron in a Bohr 
atom, if electrons are really accompanied by these mysterious de Broglie 
waves while moving along the circular orbits within an atom, the same 
might be true for the free flight of electrons as observed in free electron 
beams. And, if the motion of electrons in the beams is associated with 
some kind of waves, we should be able to observe the phenomena of 
interference and diffraction of electron beams in the same way that we 


Two waves 


Three waves 


FIG.25-1 De Broglie's waves as applied to the first three orbits in Bohr's hydrogen 
atom model. 7 
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observe these phenomena in beams of light. ‘For a stream of moving 
electrons, we assume for the wavelength of the waves the same formula 
that applied to orbital electrons within the atom: 


TEER 
mè 


For the electron beams used in laboratories, this wavelength comes out 
to be much shorter than that of ordinary visible light and is comparable, 
in fact, with the wavelengths of X rays, i.e., about 107 cm. 
Fortunately, the crystal spectrograph had already been developed by 
the British physicists, father and son W. H. and W. L. Bragg, for the 
study of X rays. The finest optical ratings that it is possible to make 
have a line spacing of several tho d angstroms, and are useless for 
studying the diffraction patterns of radiation whose wavelength is in the 
neighborhood of 1A. Nature, however, has provided suitable gratings. 
We have seen that the diameter of atoms is a few angstroms, and in the 
regular crystals of metals, salts, and other substances, the atoms are 
arranged in perfect rows and layers separated by this distance (Fig. 25-2). 


FIG. 25-2 A beam of X rays being reflected by the gratinglike molecular layers in à 
crystal lattice. (Courtesy Scientific American.) 
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Incoming radiation of short wavelength is reflected, or scattered, by 
these regularly spaced crystal atoms, to be in phase and reinforced only 
in certain definite directions. Their behavior is similar to that of the longer 
waves of light when falling on a ruled reflection grating, as indicated in 
Fig. 21-15B. The resulting interference patterns are of course more 
complex than this, because the crystal is equivalent to three gratings 
acting simultaneously in three dimensions, 

Figure 25-3A shows the pattern created by an X-ray beam passing 
through a layer of aluminum filings. The X rays, if they were diffracted 
by the regular array of atoms in a single crystal, would have produced 
a pattern of dots on the photographic film. The filings, being composed 
of a great number of crystals oriented in every possible direction, give 
the same pattern we would have if the single-crystal dots were rotated 
about the center line of the beam; all the dots the same distance from the 
center would combine to result in a circle, 

Figure 25-3B is the pattern produced by a beam of electrons passing . 
through a piece of thin aluminum foil. Electrons are not penetrating 
enough to pass through a layer of filings, but aluminum foil accomplishes 


FIG. 25-3 (A) Diffraction of a beam of X rays by a layer of aluminium filings. Wave- 
length = 0.71A. (B) Diffraction of a beam of electrons by thin aluminium foil. Wave- 
length — 0.50A. (The actual photographs have been enlarged by different amounts to 
make the resulting patterns the same size in this reproduction.) (Photos from the Film 
Studio, Education Development Center.) 
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the same thing. Although it does not look to be, the foil (like the filings) 
is made up of a great number of individual crystals oriented in every 
direction. The resulting electron-beam diffraction pattern is a duplicate 
of the one produced by the X rays. i 

As an example, let us consider a beam of electrons accelerated in an 
“electron gun” through a potential difference of 200 V. Since 200 V 
is 200 J/C and since the electron has a charge of 1.6 x 107 !?.C, each 
electron gains an energy E = Vq = 200 x 1.6 x 1071? = 32 x 107"? J. 
This is in the form of the electron's kinetic energy, so we have imv? = 
32 x 10-17 J, and o? = 2x 3.2 x 10717/9.11 x 107?! = 7.0 x 10%. 
The electron speed is then v = V70 x 10'? = 84 x 10° m/s. Now we 
can use de Broglie’s relationship to find the wavelength associated with 
these moving electrons: 


h 6.63 x 107?* 
| ne Oo MM 
^ mo 911 x 107?! x 84 x 10° 


287x107! m, or 0.87À. 


This is a wavelength very suitable for showing diffraction by most 
crystals. 

A few years later, similar experiments were repeated, using a molecular 
beam of sodium atoms (Fig. 25-4) instead of an electron beam, and i$ 
was found that diffraction phenomena exist in that case, too. Thus it 
became quite evident that, in material particles as smiall as atoms and 
electrons, the basic ideas of classical Newtonian mechanics should be 
radically changed by introducing the notion of waves associated with 
material particles in their motion. 

The once definite distinction between waves and particles seems to 
have broken down. There are many sorts of interference experiments in 
which light shows itself to be unquestionably a wave phenomenon; yet 
in the photoelectric effect it concentrates all its energy on a single 
electron, as though it were a bulletlike particle. And now electrons and 
atoms, so surely particles, behave in some expériments as though they 
were waves. 

The wave aspect and the particle aspect seem to be so mutually 
contradictory that it is quite natural to ask which one is “really” correct 
for a beam of light or an electron. The modern physicist will say that 
neither one is “really” correct. We are trying to make the submicroscopic 
world of the photon.and the atom fit models we imagine as being 
analogous to tiny bullets and tiny ripples on water tanks. The world of 
the atom and the photon cannot be described in the same terms we use 
to describe the behavior of the macroscopic world of matter in bulk. 
That we cannot is attested to by the wave-particle dilemma and the 
contradictions of a similar nature we run into when we try. The physicist 
has mathematical equations whose solutions will give the correct answers, 
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FIG. 25-4 O. Stern's demonstration of the diffraction of atoms. Some of the atoms from 
the oven O pass through the small hole in the barrier D, from which they emerge as a 
narrow beam. The atoms reflected from the crystal are trapped and measured in the 
collectors B. The results show a strong maximum in the direction required by the ordinary 
law of reflection, plus a number of other secondary maxima corresponding to a diffraction 
pattern. 


. Whether it be wave or particle that is involved; but to these equations 


no model or picture is connected. We must learn either not to ask 
questions about which model is “really” correct or not to think of any 
model at all. We quite plainly cannot have it both ways. An intricate 
mathematical method for handling this kind of problem was worked out 
by an Austrian physicist, E. Schródinger, and it represents the subject 
matter of an important but rather difficult branch of modern theoretical 
physics known as wave mechanics, or quantum mechanics. 


In Section 8 of Chapter 21, it was noted that the ability of a microscope 
to resolve fine detail is limited by the wavelength of the light used to 
illuminate the object and form its image. This limited resolution makes 
magnification of more than. 1000X, or at most, 2000X, useless in an 
optical instrument using visible light or ultraviolet. 
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The reality of “electron waves? has made the electron microscope a 
routine tool. Let us figure the wavelength of electrons that have been 
accelerated through a potential difference of 15,000 volts: 


E= Vq = L5 x 10* x L6 x 107? = 24 x 10^? joule. 
KE = 3m? = 24 x 105 


v = V2 x 24 x 10715/9.11 x 10?! 


= 7.26 x 107 m/s. 
À = hjm = 6.63 x 1073*/(9.11 x 107?! x 7.26 x 107) = 107 !! m 
SS 


This is tens of thousands times shorter than the wavelength of visible 
light, but so far the electron microscope is not able to distinguish details 
this fine. The numerical aperture is necessarily much smaller than that of 
an optical microscope, and there are technological difficulties that prevent 
focussing electron beams as precisely as a lens system can focus light. 
In spite of these difficulties, magnifications of 100,000X can be reached— 
100 times the magnification of an optical microscope. 

Of course, speeding electrons cannot be refracted by glass or plastic 
lenses; instead, their paths are bent by electric or magnetic fields. 
Figure 25-5 is a schematic diagram of an electron microscope. Its 
“magnetic lenses” are ring-shaped coils in iron cases, carefully designed 
to provide a magnetic field of accurately varying intensity and direction, 
which will refract streams of electrons in the same way that a converging 
lens réfracts light rays. 


Now things seem to be going from bad.to worse. First, we had Bohr's 
“quantized orbits” that looked like railroad tracks along which the 
electrons were running around the atomic nucleus. Then these tracks 
wére replaced by mysterious “pilot waves" that were supposed to provide 
“guidance” for the electrons in their orbital motion. It all seemed to be 
against common sense, but, on the other hand, these developments of 
the quantum theory provided us with the most exact and most detailed 
explanation (or description) of the properties of atoms—their spectra, 
their magnetic fields, their chemical affinities, etc. How could it be? 
How could such a picture, nonsensical at first sight, lead to so many 
positive results? Here we have to repeat what was already said in con- 
nection with Einstein's theory of relativity. Modern physics extends its 
horizons far beyond the everyday experience upon which all the "com- 
monsense” ideas of classical physics were based, and we are thus bound 
to find striking deviations from our conventional way of thinking and 
must be prepared to encounter facts that sound quite paradoxical to our 
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FIG. 25-5 In an electron microscope, beams of short wavelength electrons are “refracted” 
by magnetic fields. The principle of magnification is the same as that of an optical micro- 


scope with glass lenses, shown at the right. 


ordinary common sense. In the case of the theory of relativity, the revolu- 
tion of thought was brought about by the realization that space and 
time are not the independent entities they were always believed to be, 
but are parts of a unified space-time continuum. In the quantum theory, 
we encounter the nonconventional concept of a minimum amount of 
energy, which, although of no importance in the large-scale phenomena 
of everyday life, leads to revolutionary changes in our basic ideas con- 
cerning motion in tiny atomic mechanisms. 

Let us start with a very simple example. Suppose we want to measure 
the temperature of a cup of coffee but all we have is a large thermometer 
hanging on the wall. Clearly, the thermometer will be inadequate for our 
purpose because when we put it into the cup it will take so much heat 
from the coffee that the temperature shown will be considerably less than 
that which we want to measure. We can obtain a much better result if we 
use à small thermometer that will show the temperature of the coffee and 
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take only a very small fraction of its heat content. The smaller the 
thermometer we use for this measurement, the smaller is the disturbance 
caused by the measurement. In the limiting case, when the thermometer 
is “infinitely small," the temperature of the coffee in the cup will not be 
affected at all by the fact that the, measurement was carried out. The 
commonsense concept of classical physics was that this is always the case 
in whatever physical measurements we are carrying out, so that we can 
always compute the disturbing effect of whatever gadget is used for 
the measurement of some physical quantity and find the exact value 
we want. This statement certainly applies to all large-scale measure- 
ments carried out in any scientific or engineering laboratory, but it fails 
when we try to stretch it to such tiny mechanical systems as the electrons 
revolving around the nucleus of the atom. Since, according to Max 
Planck and his followers, energy has “‘atomic structure," we cannot reduce 
the amount of energy intolved in the measurement below one quantum, and 
making exact measurements of the motion of electrons within an atom 
is just as impossible as measuring the temperature of a demitasse of 
coffee by using a bulky bathtub thermometer! But, whereas we can 
always obtain a smaller thermometer, it is absolutely impossible to find 
less than one quantum of energy. 

A detailed analysis of the situation indicates that the existence of 
minimum portions (quanta) of energy prevents our being able to de- 
scribe the motion of atomic particles in the conventional way, by cal- 
culating their successive positions and velocities. Quantum mechanics 
shows us that the position of a particle and its momentum can be known 
only within certain limits. These limits are negligibly small for large- 
scale objects, but become of great importance in the submicroscopic 
world of atoms and atomic particles. 

The uncertainty in our knowledge of the coordinate x and the momen- 
tum p of any particle can be expressed by writing x + Ax and p + Ap, 
which means that all we can say is that the particle is located somewhere 
between x — Ax and x + Ax, and the momentum of the particle lies 
somewhere between p — Ap and p+ Ap. The German theoretical 
physicist Werner Heisenberg showed in 1927 that these uncertainties 


: are related by the expression 


Ax x Ap =E, 


If there is no appreciable relativistic change in mass, p = mv, and we 
can rewrite the uncertainty principle as 


: Nur ag ds. 
2nm 
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Let us apply this to a particle with a mass of 1 mg. Then, in CGS units, 


-217 
Kc seyn ORI eae 
2n x 107? 


which means that if we know the position of the particle to within 
+1072 cm, we are permitted by nature to know the particle's velocity 
only to within 1071? cm/s. Obviously, such small uncertainties are of 
absolutely no significance when we deal with milligrams—or even 
micrograms—or larger particles. 

When we deal with atomic particles, however, the case is different. 
Let us consider an n = 1 electron in a hydrogen atom (Fig. 25-6). We 
cannot at any instant know just where in its orbit the electron is—it: 
might be on the left side or the right side, as shown. Our uncertainty in 
its position is +r, which equals +h?/4x?mke?. Similarly, we cannot 
know if it is moving upward or downward with its velocity +v. We 
thus have an uncertainty of its momentum equal to tm Av = 
+2nmke*/h. Putting these together, we find 


These uncertainties are so large as to make the classical Bohr picture 
of definite particles in definite orbital motion completely invalid. De 
Broglie’s waves and Heisenberg’s uncertainty principle led physicists to 
a new way of describing the behavior of atomic “particles.” 


When light was shown to have wave properties, the nineteenth-century 
physicists at once asked, “waves in what?” In order to answer this ques- 
tion, they invented the “ether,” with all of its contradictory properties, 
only to have it taken away from them by Einstein. 


FIG. 25-6 Uncertainty of position, and uncertainty: of velocity (and hence of momentum) 
of an electron in a hydrogen atom. ag 
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It was not necessary to invent a medium for the de Broglie waves 
but it was necessary to invent an interpretation of them. It turns out that 
the waves have no real material characteristics but are purely a measure 
of probability. And since the waves are an inescapable attribute of every 
material particle, we must regretfully conclude that we can never fully 
know the momentum of a particle, or its location, but can at best only 
say that some certain momentum is more.probable than another or that 
the particle is more likely to be here than there. 

Fundamentally, this was the basic difficulty with Bohr's atomic model. 
It pictured an atomic electron as a particle with a definite location, and 
a definite velocity and momentum at all times. If a modern physicist 
were forced to make some sort of a model, he might picture the electron 
of a hydrogen atom, say, as a pattern of standing waves. These standing 
waves are not confined by definite boundaries, as are those of a vibrating 
violin string or the electromagnetic waves in Jeans's imaginary reflecting 
cube. They are instead confined by the inverse-square Coulomb force 
of attraction between the nucleus and the electron's negative charge. 
Since this force extends out more and more weakly without limit, there 
is a very small chance that any given electron may be anywhere in the 


. universe. Calculations show, however, that in the hydrogen atom in its 


lowest-energy n = 1 state, the probability waves, which can be pictured 
as spreading out in a sort of cloud of varying density, are most dense at 
a distance of 0.53 À from the nucleus. This is where the wave mechanics 
calculations say the electron is most likely to be, and this is exactly the 
radius of Bohr's first hydrogen orbit! 

In spite of this agreement, there is a great conceptual difference 
between the Bohr model and the quantum mechanics interpretation. 

In the Bohr model, there was no real reason for saying that angular 
momentum must come in discrete units of A/2z, except that this is what 
must be assumed if the answers are to come out right and in agreement 
with the experimental spectral data. In the solutions of Schródinger's 
probability-wave equation, no assumptions of this sort are necessary, 
and the quantum numbers z, /, and m come out with their allowed 
integral values as a part of the answer. The probability cloud takes on 
different shapes and dimensions to represent the higher-energy excited 
states, but still remains a diffuse cloud. 

If the shape and density of this cloud are all we can ever know about 
an electron (or, if indeed, this is all there is to know about it), then the 
uncertainty principle follows naturally as an inescapable, built-in 
characteristic of how the world is made. 


Questions 


1. The speed of an electron is 1.2 x 10° m/s. What is its de Broglie wave- 
length? 


Pe 
ie 


473 


The Wave Nature 


of Particles 


(25-3) 


2. Ara is the wavelength of an electron moving with a velocity of 2 x 107 
cm/s 


3. With what speed must an electron travel-in order to have a de Broglie 
wavelength of 1078 cm? 

4. Interference effects show that the wavelength associated with a beam 
of electrons is 3.2 x 1079 cm. What is the velocity of the electrons in the beam? 
5. What wavelength is associated with a hydrogen electron in its 1 — 3 orbit? 
6. What is the wavelength associated with the hydrogen electron in its n = 2 
orbit? 

7. (a) What is the kinetic energy of an electron that has a de Broglie wave- 
length of 1079 cm? (b) Through what potential difference must it have been 
accelerated? x 

8. (a) What is the kinetic energy of the electrons in Question 4? (b) Through 
what potential difference must the electrons have been accelerated in order to 
have this much energy? 

9. A proton and an alpha particle have the same kinetic energy. (a) How do 
their speeds compare? (b) How do their momenta compare? (c) How do their 
de Broglie wavelengths compare? (m, = 4my.) 

10. A proton and an electron are given the same kinetic energy (m, —1836m,). 
(a) How do their speeds compare? (b) How do their momenta compare? 
(c) How do their de Broglie wavelengths compare? 

11. What wavelength is associated with a beam of protons (see Question 10) 
accelerated through a potential difference of 75 volts? 

12. What wavelength is associated with a beam of electrons accelerated 
through a potential difference of 75 volts? 

13. Potassium (at. wt, 39.1) vaporizes at a temperature of 1047°K, and the 
atoms of potassium vapor at this temperature have an rms speed of about 
510 m/s. What is the wavelength of a potassium atom at this speed? 

14. Vaporized sodium (at. wt, 23) has a temperature of about 1165°K, which 
gives the atoms of vapor an rms speed of about 700 m/s. What Lis the de Broglie 
wavelength of a sodium atom at this speed? 

15. A I-g bullet is fired with a speed of 300 m/s, which the experimenter knows 
is accurately determined to within 0.01 percent. What restriction does the 
uncertainty principle put on the determination of the bullet's position at any 
time? M 
18. Take one of the droplets in Millikan's oil-drop experiment and assume it 
to have a mass of 107+? g. If it were possible to determine its position at any 
moment with an accuracy of + 107? cm, what must be the irreducible minimum 
uncertainty as to its speed at that moment? i 
17. A beam of protons (see Question 10) has a speed of 5 x 107 cm/s, with 
an uncertainty of 0.1 percent. What is the least possible uncertainty in the 
location of a proton? 

18. Electrons in a beam have a speed of 5 x 107 cm/s, with an uncertainty 
of 1 part in 10°. What is the least possible uncertainty the experimenter may 
have in the position of any electron? 


474 


19. A proton (see Question 10) is in imagination confined in small box 1 4 
wall-to-wall. (a) What is our uncertainty as to its location? (b) What is our 
minimum uncertainty about its speed? (c) Can the proton ever be definitely 
known to be at rest within the box? Explain. 

20. An electron is placed in the box of Question 19, to replace the proton.. 


How does our uncertainty about its speed compare with the uncertainty of our 
knowledge about the proton's speed? 


26-1 
Discovery of 
Radioactivity 


The discovery of radioactivity, like that of many other unsuspected 
aspects of physics, was purely accidental. It was discovered in 1896 by 
the French physicist A. H. Becquerel (1852-1908), who was interested 
at that time in the phenomenon of fluorescence, which is the ability 
of certain substances to transform ultraviolet radiation that falls on them 
into visible light. In one of the drawers of his desk, Becquerel kept a 
collection of various minerals that he was going to use for his studies, 
but, because of other pressing matters, the collection remained untouched 
for a considerable period of time. It happened that in the drawer there 
were also several unopened boxes of photographic plates, and one day 
Becquerel used one of the boxes in order to photograph something or 
other. When he developed the plates, he was disappointed to find that 
they were badly fogged as if previously exposed to light. A check on the 
other boxes in the drawer showed that they were in the same poor condi- 
tion, which was difficult to understand, since all the boxes were sealed 
and the plates inside were wrapped in thick black paper. What could 
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have been the cause of this mishap? Could it have something to do with 
one of the minerals in the drawer? Being of inquisitive mind, Becquerel 
investigated the situation and was able to trace the guilt to a piece of 
uranium ore labeled “‘Pitchblende from Bohemia." One must take into 
account, of course, that at that time uranium was not in vogue as it is 
today. In fact, only a very few people had ever heard about this com- 
paratively rare and not very useful chemical element. 

But the ability of uranium ore to fog photographic plates through a 
thick cardboard box and a layer of black paper rapidly brought this 
obscure element to a prominent position in physics. 

The existence of penetrating radiation that can pass through layers of 
ordinarily opaque materials as if they were made of clear glass was a 
recognized fact at the time of Becquerel's discovery. In fact, only a year 
earlier, in 1895, a German physicist, Wilhelm Roentgen (1845-1923), 
discovered, also by sheer accident, what are now known as X rays, 
which could penetrate equally well through cardboard, black paper, or ` 
the human body. But, whereas X rays could be produced only by means 
of special high-voltage equipment shooting high-speed electrons at 
metallic targets, the radiation discovered by Becquerel was flowing 
steadily, without any external energy supply, from a piece of uranium 
ore resting in his desk. What could be the origin of this unusual radi- 
ation? Why was it specifically associated with the element uranium and, 
as was found by further studies, with two other heavy elements, thorium 
and actinium? 

The early studies of the newly discovered phenomenon, which was 
called radioactivity, showed that the emission of this mysterious radiation 
was completely unaffected by physical and chemical conditions. One 
can put a radioactive element into a hot flame or dip it into liquid air 
without the slightest effect on" the intensity of the radiation it emits. 
No matter whether we have pure metallic uranium or its chemical 
compounds, the radiation flows out at a rate proportional to the amount 
of uranium in the sample. These facts led the early investigators to the 
conclusion that the phenomenon of radioactivity is so deeply rooted in 
the interior of the atom that it is completely insensitive to any physical 
or chemical conditions to which the atom is subjected. 

Becquerel’s discovery attracted the attention of the Polish-born Marie 
Sklowdowska. She was at that time a graduate student in chemistry at 
the Sorbonne in Paris, and soon married the brilliant young physicist 
Pierre Curie. The Curies suspected that the strong radioactivity of certain 
uranium ores was due to other highly radioactive elements present in 
the ore in small quantities. After a long and tedious series of chemical 
separations performed on large quantities of uranium ore, in 1898 they 
succeeded in isolating small samples of two new highly radioactive 
elements. These were named polonium (in honor of Marié Curie’s native 
country) and radium. 


26-2 It is obvious to us now that the mysterious radiation emitted by certain 

The Nature of elements of high atomic number is an activity of the atomic nucleus. 

the Nucleus Madame Curie and her contemporaries, however, did not have the 
advantage of our more modern knowledge. (Remember that her separa- 
tion of polonium and radium took place 13 years before Rutherford's 
scattering experiments first showed that atoms even have a nucleus Noe 

Rather than grope with our ancestors through decades of speculation 
until the neutron was discovered in 1932, we can help our understand- 
ing more by taking advantage of our superior historical position. In a 
later chapter, we will look at the nucleus and its behavior in more 
detail; for our present purpose, it will be enough to merely sketch some 
of its main features. 

In the Bohr atom, we identified the hydrogen nucleus to be a single 
proton—a particle having a mass of 1.673 x 107?" kg, about 1836 
times the mass of an electron. Its charge is the same as the charge on 
an electron (1.602 x 107'° C), but is positive. 

But what of the nuclei of the heavier elements? It was suspected in the 
early days that they were made up primarily of aggregations of protons. 
Oxygen, for example, with a mass about 16 times the mass of a hydrogen 
atom, was thought to have a nucleus of 16 protons. Since its positiye 
charge is only 8e, it was assumed that the oxygen nucleus also contained 
8 electrons to neutralize the proper part of the proton charge. Quantum 
mechanics, however, showed that the de Broglie waves of these supposed 
nuclear electrons could not possibly fit in the small volume of a nucleus. 
As we shall see, the discovery of the neutron in 1932 solved this uncom- 
fortable problem. The neutron has a mass slightly greater than the 
proton (1.675 x, 1077" kg) and has no electrical charge. 

Although there is stilla great deal that we do not understand about 
nuclei, we do know that for most.practical purposes we can consider 
them to be aggregations of protons and neutrons. The oxygen nucleus, 
with a charge of -- 8e, must contain 8 protons; to make up the rest of the 
required mass, it also contains 8 neutrons. Armed with this basic 
knowledge, we are in a better position to understand much of the early 


experimental work. 


26-3 While the study of cathode rays in Thomson's tube led to the discovery 
Canal Rays and of electrons, the study of canal rays, which are streams of positively , 
Isotopes charged gas ions, was also very’helpful to the understanding of the inner 


nature of the atom. The apparatus Thomson used for the study of canal 
rays was a modification of the tube used for determining the e/m ratio 
and is shown in Fig. 26-1, A small amount of gas is left within the tube, 
and when a swiftly moving electron collides with a. gas molecule, an 
electron is likely to be knocked off, making the molecule into-an ion 
with a positive charge. The mass and ric charge of these positively 
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FIG. 26-1 The apparatus that led to the discovery of isotopes. Positive neon ions were 
accelerated by an electric field and formed a thin beam after passing through a slit. The 
beam was deflected by an electric field and a magnetic field, and fell on a fluorescent 
screen at the end of the tube. If all of the neon ions had the same mass, the trace on 
the screen would have been a single parabola (different points on the parabola correspond- 
ing to different velocities). Actually, there were three different parabolas, corresponding 
to masses of 20, 21, and 22. 


charged canal rays can be analyzed by deflecting them in parallel electric 
and magnetic fields. 

In his e/m work, Thomson used electric and magnetic fields perpen- 
dicular to each other, so that the two deflections could be made to add 
up to zero. If you go back and check over that section, you will see that 
his approach was possible only because all the electrons in his beam 
had the same velocity. This was because all of them originated on the 
cathode, and all were accelerated through the same total potential 
difference between cathode and anode. 

With the canal rays, composed of positive ions, the situation was 
different. The neutral neon atoms he used were unaffected by the electric 
field between cathode and anode. Their ionization by the energetic 
electrons streaming out from the cathode was caused by collisions that 
could take place almost anywhere in the field. The result was that some 
positive ions would be accelerated through only a small part of the field, 
some through nearly all of it, and others in between. The beam of 
canal rays therefore consisted of a stream of positive neon ions with a 
wide range of speeds. 

Although we will not stop to do it, it is not difficult to show that such 
a stream of ions, all of the same charge and mass but with different 
velocities, will leave a trace in the shape of a parabola. The mass of the 
ions can be computed quite accurately from the geometry of the parabola. 

In measuring the mass of the particles forming canal rays in a tube 
filled with neon gas, Thomson expected to confirm the chemical value 
of the atomic weight of neon, which was known to be 20.18. Instead of 
this value, however, he found only 20.0, which was considerably lower, 
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and well beyond the limits of possible experimental error. The discrep- 
ancy was explained when Thomson found later that the beam of ions 
passing through the magnetic and electric fields was not deflected as 
a single beam, but was split into three branches, as shown in Fig. 26-1. 
(Actually, the third branch was discovered later by Thomson's co- 
worker, F. W. Aston, using improved apparatus.) The particles in the 
main branch, containing over 90.5 percent:of all the neon ions, had a 
mass value of 20.0; the other fainter branch contained about 9.2 percent, 
and had a mass of 22.0. And a still fainter branch contained 0.3 percent 
of mass 21.0. 

This was very remarkable! Here Thomson had found three kinds of 
neon atoms, identical in chemical nature and having the same optical 
spectra, but different in mass. On top of this, the mass values were almost 
exactly integral numbers. Ordinary neon, then, was actually a mixture of 
three different neons, and the chemical weight was just the average weight 
of this mixture. 4 

The different types of neon were called isotopes of this element, which 
means in Greek “‘same place” and refers to the fact that all the neons of 
different weight occupy the same place in the table of elements, We. 
can confirm this average weight by taking the weighted average from 
Thomson’s data: i 


0.905 x 20 = 18.10 
0.092 x 22 = 2.02 
0.003 x 21 = 0.06 
Average mass = 20.18. 


We can understand now just what the difference is between the three 
isotopes of neon. Since the atomic number of neon is 10 (Z = 10), 
we know that each atom must have 10 protons in its nucleus. If this 
number were not 10, it would have a different number of atomic electrons 
and would be a different element, rather than neon. To make up the 
observed masses, the isotope of mass 20 must have 20 — 10 = 10 neu- 
‘trons in its nucleus; the neon-21 must have 21 — 10 = 11 neutrons; 
and the neon-22, 12 neutrons. 

There is a fairly standardized system of notation for indicating differ- 
ent isotopes. In front of the letters of the chemical symbol of the element, 
a subscript gives the atomic number (Z), which is the number of protons in 
the nucleus. After the symbol, the mass number is placed as a superscript. 
The mass number is merely the total number of protons plus neutrons 
in the nucleus—or, more simply, the total number of nucleons, a term 
used to include both protons and neutrons. Thus, for our three isotopes 
of neon, we could write , 9Ne??, ,,Ne?!, and ,4Ne??. (The prefix subscript 
10 is not necessary; if the element is neon, this number must be 10 and 
it is therefore redundant. Nevertheless, for convenience, it is often used.) 

Thomson's original crude apparatus has been improved by Aston, 
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A.J. Dempster, and K. T. Bainbridge; and the modern mass spectrograph 
can determine the relative masses of isotopes with great accuracy. 

Further studies have shown that almost every element represents a 
mixture of several isotopes. While in some cases (as in gold and iodine), 
one isotope accounts for 100 percent of the material, in many other cases 
(as in chlorine and zinc), different isotopes have comparable abundances. 
The isotopic composition of some of the chemical elements is shown in 
Table 26-1. 


TABLE 26-1 ISOTOPIC COMPOSITION OF SOME ELEMENTS 


Atomic. Isotopic Composition Percentage 
Number Name Shown in Parentheses 


Hydrogen 1 (99.985); 2 (0.015) 

Carbon 12 (98.9); 13 (1.1) 

Nitrogen 14 (99.64); 15 (0.36) 

Oxygen 16 (99.76); 17 (0.04); 18 (0.20) 

Chlorine 35 (75.4); 37 (24.6) 

Zinc 64 (48.89); 66 (27.81); 67 (4.07); 
68 (18.61); 70 (0.62) 


Cadmium 106 (1.215); 108 (0.875); 110 (12.39); 
111 (12.75); 112 (24.07); 113 (12.26) 
114 (28.86); 116 (7.58) 
196 (0.15); 198 (10.02); 199 (16.84); 
200 (23.13); 201 (13.21); 202 (28.80); 
204 (6.85). 


Armed with a little twentieth-century knowledge, we can better under- 
stand-some of the problems uncoyered by the research of earlier years. 
Becquerel and his followers were puzzled to find that the radiation from 
their impure mixtures of radioactive elements consisted of three different 
components. 

It is quite easy (in principle, at least) to separate these three types of 
radiation when they are emitted from a small piece of material contain- 
ing a mixture of radioactive elements. If we drill a small hole in a block 
of lead, which is a good absorber of radiations of all kinds, and place 
a speck of radioactive material at the bottom of the hole, a narrow, 
well-defined beam of radiation will be emitted from the top of the hole 
(Fig. 26-2). If this beam is passed through a strong electric field between 
a pair of parallel plates, the single beam will be separated into its three 
components, as shown.* The same separation will follow if, instead of 


* Figure 26-2 is somewhat deceptive. The deflection of a’s and f’s cannot be measured 
by application of the same field, due to the very much greater mass of the alpha particle. 
A field (either electric or magnetic) that deflects a’s satisfactorily winds the electron paths 
into tight curls; a field satisfactory for the f’s ieaves the o's practically undeviated. 
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FIG. 26-2 The separa- 
tion of alpha, beta, and 
gamma radiation by 
passage through an 
electric field. (The same 
Sort of separation can also 
be accomplished by a 
magnetic field.) 
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an electric field, the beam is passed through a strong magnetic field 
perpendicular to the plane of the drawing. Lacking knowledge of just 
what these radiations were, the experimenters named them simply alpha 
(a), beta (B), and gamma (y) radiation, from the first three letters of the 
Greek alphabet. 

From their behavior in electric and magnetic fields, it was apparent 
that the « radiation consisted of positively charged particles; the £ 
radiation, of negatively charged particles; and the y radiation was either 
neutral particles or electromagnetic radiation. They were all soon 
identified. 

Alpha rays were found (by Rutherford) to consist of the fast-moving 
nuclei of helium atoms, now called « particles. From the atomic weight 
and atomic number of helium, we see that the helium nucleus must 
contain 2 protons and 4 — 2 — 2 neutrons, making 4 nucleons alto- 
gether. Thus, when an unstable nucleus ejects an « particle, it loses 4 
nucleons, and its mass number is reduced by 4. And, since 2 of these 
nucleons are protons, its atomic number is reduced by 2, and it of course 
then becomes another element! 

Beta rays were found to be nothing more than energetic, fast-moving 
electrons. No one has ever been able to detect any difference between 
these electrons emitted from nuclei and the ordinary atomic electrons 
with which we are already familiar. But we have said that an electron 
cannot exist inside a nucleus; how, then, can a nucleus émit something 
it did not contain in the first place? The answer to this is that the M 
is manufactured as it is emitted. The mass of an electron; 9. 11 x 107?! 
kg, can be produced (via Einstein's E = mc?) from 9.11 x 107?! x 
(3 x 10°)? = 8.20: x 107** J of energy. To account for the electron's 
negative charge, we may think of the neutral neutron as containing 
both +e and — e of charge. If the —e is carried away by the electron, 
then the nuclear particle that was a neutron becomes a nucleon with 
a charge of -- e—in other words, a neutron has been changed to a proton. 
Thus, when a f particle is emitted, the mass number is unchanged and the 
atomic number is increased by 1. j 

Gamma rays are the pure energy of electromagnetic radiation and are | 
emitted together with some-« particles and some f particles. They do 
not change the number of nucleons, and they have no charge, Therefore, É 
the mass number and the atomic number are both unchanged. 


Radioactivity, as observed by Becquerel, turned out to be a composite 
effect that was due to the presence of a large number of radioactive 
elements. In fact, studies by the British physicist Soddy and his famous 
collaborator Rutherford showed that this mixture contained over a 
dozen individual elements: 

In the principal uranium family, Whichalso includes radium, uranium 
plays the role of the head of the family, and being very long-lived, 
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produces numerous children, grandchildren, great-grandchildren, etc. 
The genealogy of this family is shown in Fig. 26-3. The nucleus of an 
atom of 9,U228 emits an œ particle and is transformed into another 
element that we can temporarily call X. Since the « particle carried 
away 2 protons and 2 neutrons for a total of 4 nucleons, we see that X 
must have an atomic number of 92 — 2 — 90 and a mass number of 
238 — 4 — 234. The periodic table shows that the element of atomic 
number 90 is called thorium (Th). This transformation of an isotope of 
uranium into an isotope of thorium can be simply recorded as a nuclear 
»quation: 
54U?5 > „Het + agus 


Since, in all nuclear reactions, charge (i.e., atomic number) is conserved, 
and since the number of nucleons (mass number) is conserved, it is 
apparent that the superscripts and subscripts must separately add up to 
the same values on both sides of the arrow. 

Now the ;9Th23* is also unstable and radioactive, and it emits a ff 
particle to become something else we may call Y—not to be confused 
here with the symbol for the element yttrium! The emission of this 
electron does not change the number of nucleons, so Y must have a 
mass number of 234. But the emission of the negative electron is the same 
thing as adding a positive charge, so that the atomic number of Y must 
be 91. This atomic number identifies Y as an isotope of protactinium 
(Pa), and we have 


ernst ey He 4 s; Pa^?^. 


After a total of 7 a emissions and 6 fi emissions, we arrive at a 
polonium atom, which emits an eighth « particle and turns into an 
atom of lead (Pb), with atomic number 92 — (8 x 2) + (6 x 1) = 82 
and mass number 238 — (8 x 4) = 206. The nuclei of Pb*°® are stable 
and no further radioactive transformations take place. . 

Genealogically speaking, the thorium and actinium families are very 
similar to that of uranium and terminate with stable lead isotopes pb??? 
and Pb??7, respectively. It may also be mentioned that apart from these 
radioactive families, which include the heaviest elements of the periodic 
system and are transformed by a series of intermittent « and f decays 
into isotopes of lead, there are also a few isotopes of lighter elements that 
go through a one-step transformation. These include samarium (Sm!^*), 
which emits « rays and turns into stable Nd!^^, and two f emitters, 
potassium (K*?) and rubidium (Rb*?), which turn into stable isotopes 
of calcium (Cat?) and strontium (Sr*?). 


The velocities of « particles emitted by various radioactive elements 
range from 0.98 x 10° cm/s for Sm*** up to 2.06 x 10° cm/s for Th? 
which correspond to kinetic energies of from 3.2 to 14.2 x 10° ° erg. 
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The energies of f particles and y photons are somewhat smaller but of 
the same general order of magnitude. These energies are enormously 
higher than the energies encountered in ordinary physical phenomena. 
For example, the kinetic energy of atoms in thermal motion at such a 
high temperature as 6000°K (surface temperature of the sun) is only 
1.25 x 107? erg, i.e., several million times smaller than the energies 
involved in radioactive decay. 

In speaking about the energies liberated in radioactive transforma- 
tions, nuclear physicists customarily use a special unit known as the 
electron volt (eV). This unit is defined as the energy gained by a particle 
carrying one elementary electriccharge (no matter whether it is an electron 
or any singly charged positive or negative ion) when it is accelerated 
through an electric field with a potential difference of one volt. Thus the 
electrons accelerated in J. J. Thomson's tube, with 5000 volts applied 
between the anode and cathode, acquire by this definition an energy of 
5000 eV. On the other hand, the energy of a doubly charged oxygen ion, 
O?*, accelerated through the same potential difference will be 10* eV, 
since the electric force acting on the ions, and consequently the work done 
by it, is twice as large. Remembering that the value of an elementary 
charge on an electron, proton, or any singly charged ion is 1.602 x 107+? 
C, and that a volt is 1 J/C, we have that 


leV = 1.602 x 1071? x 1 = 1.602 x 1071?J, or 1.602 x 10^ '? erg. 


Also in common use is the MeV, which stands for “million electron- 
volts" or “‘mega-eV.” 


I MeV = 10° eV = 1.602 x 107 !? J = 1.602 x 1075 erg. 


The process of natural radioactive decay is ascribed to some kind of 
intrinsic instability of the atomic nuclei of certain chemical elements 
(especially those near the end of the periodic table), which results from 
time to time in a violent breakup and the ejection from the nucleus of 
either an « particle or an electron. The nuclei of different radioactive 
elements possess widely varying degrees of internal instability. 

Whereas in some cases (such as U?35) radioactive atoms may remain 
perfectly stable for billions of years before they are likely to break up, 
in other cases (such as Po?!*) they can hardly exist longer than a small 
fraction of a second. The breakup process of unstable nuclei is a purely 
statistical process, and we can speak of the “mean lifetime” of any given 
elements in just about the same sense as insurance companies speak of 
the mean life expectancy of the human population. The difference is, 
however, that, whereas in the case of human beings and other animals 
the chance of decaying (i.e., dying) remains fairly low up to a certain 
age and becomes high only when the person grows old, radioactive atoms 
have the same chance of breaking up no matter how long it has been 
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since they were formed. Automóbiles and bodies and light bulbs wear 
out, and with the passage of time become more and more nearly ready 
for the junk-pile. Atoms and their nuclei, however, are not affected by 
any wear and tear associated with the aging process. A Ra?^5 formed 
only this morning by the a-decay of Th??? (see Fig. 26-3) has exactly 
the same chance of decaying into Rn??? as one formed a million years 
ago. 

The number of radioactive atoms that decay per unit of time is propor- 
tional to the number of atoms available, but is quite independent of the 
age of these atoms. 

The time period during which the initial number is reduced to one- 
half is known as the half-life of the element. At the end of two half- 
lives, only a quarter of the original amount will be left; at the end of 
three half-life periods, only one-eighth will be left, etc. This decay is 
Shown graphically in Fig. 26-4. Since the amount present is halved for 
each successive half-life, there is a simple way to express the amount of 
a decaying element that is left after any number of half-lives. 

If we start out with an amount No of some radioactive material, after 
n half-lives have passed, there will be left an amount N: 


N = No x H". 
The gas radon, for example, has a half-life of 3.8 days. If we start out 
with 5 mg of radon, how much will be left after a month? A month is 
30/3.8 = 8 half-lives, and T 


N-5x( 
= 5 x jig = 002 mg left. . 


FIG. 26-4 Survival curve of radioactive atoms. 
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As we have seen above, various elements possess widely different 
lifetimes (Fig. 26-3). The half-life of U?** is 4.5 billion years, which ac- 
counts for its presence in nature in spite of the fact that all atoms of 
both stable and unstable elements may have been formed about 5 
billion years ago. The half-life of radium is only 1622 yr, and the 200 mg 
of radium separated in 1898 by Marie and Pierre Curie now contains 
only 193 mg. The short-lived atoms of Po?!* exist, on the average, for 
only 0.0001 s between the moment they are formed by f decay of pBi?!* 
and their subsequent transformation into Pb?!? atoms. 


The decay of radioactive elements and its complete independence of 
physical and chemical conditions gives us an extremely valuable method 
for estimating the ages of old geological formations. Suppose we pick up. 
from a shelf in a geological museum a rock that is marked as belonging 
to the late Jurassic era, that is, to the period of the earth's history when 
gigantic lizards were the kings of the animal world. Geologists can tell 
approximately how long ago this era was by studying the thicknesses of 
various prehistoric deposits and by comparing them with the estimated 
rates of the formation of sedimentary layers, but the data obtained by 
this method are rather inexact. A much more exact and reliable method, 
based on the study of the radioactive properties of igneous rocks, was 
proposed by Joly and Rutherford in 1913 and soon became universally 
accepted in historical geology. We have seen above that U?38 is the 
father of all other radioactive elements belonging to its family and that 
the final product of all these disintegrations is a stable isotope of lead 
(Pb295), 

The igneous rock of the Jurassic era that now rests quietly on a museum 
shelf must have been formed as a result of some violent volcanic eruption 
of the past when molten material from the earth's interior was forced 
up through a crack in the solid crust and flowed down the volcanic 
slopes. The erupted molten material soon solidified into rock that did not 
change essentially for millions of years. But if that piece of rock had a 
small amount of uranium imbedded in it, as rocks often do, the uranium 
would decay steadily, and the lead resulting from that decay would be 
deposited at the same spot. The longer the time since the solidification 
of the-rock, the larger would be the relative amount of the deposited 
lead with respect to the leftover uranium. Thus, by measuring the ratio 
of U?3 to Pb?°° in various igneous rocks, we can obtain very exact infor- 
mation concerning the time of their origin and the age of the geological 
deposits in which they were found. 

Similar studies can be carried out by using the rubidium inclusions in 
old rocks and measuring the ratio of leftover rubidium to the deposited 
strontium. This method has an advantage over the uranium-lead 
method, because we deal here with a single transformation instead of the 
long sequence of transformations in the uranium family. In fact, one of 
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the members of the uranium family is a gas (radon) and,might partially 
diffuse away from its place of formation, thus leading to an under- 
estimation of the age of the rocks. 


Apart from the natural radioactive elements mentioned above, which 
are presumably as old as the universe itself, we find on the earth a num- 
ber of radioactive elements that are being continuously produced in the 
terrestrial atmosphere by cosmic-ray bombardment. Cosmic rays con- 
sist mostly of protons plus « particles, and in smaller quantities the 
nuclei of more massive atoms. These high-energy particles, traveling at 
very nearly the speed of light, shower down constantly from all direc- 
tions onto the earth's atmosphere. Their origin is not yet clear, but they 
may start from violent supernova-explosions of distant unstable stars, 
to be further accelerated by passage through the weak but vast magnetic 
fields of space. Wherever they come from, their collisions with the atoms 
of our upper atmosphere give rise to the formation of showers of new 


‘particles, some from the shattered debris of the collisions and some 


created new from pure energy. Among these particles are many neu- 
trons, which may themselves cause further changes. One of these changes 
is the reaction between a high-energy neutron and the nucleus ofa 
common atom of atmospheric nitrogen (N'^). This produces an unstable 
isotope of carbon (C!*) and a proton: 


on! + ;N!* + ,H* + 6C™. 


These constantly replenished C’* atoms are soon oxidized by the atmo- 
spheric oxygen to become incorporated into the molecules of atmospheric 
carbon dioxide. Since plants use atmospheric carbon dioxide for their 
growth, this radioactive carbon is incorporated into each one, making 
all plants—and the animals that eat the plants—slightly radioactive 
throughout their lives. 

As soon as a tree is cut or falls down and all its metabolic processes 
stop, no new supply of C! is taken in, and the amount of radioactive 
carbon in the wood gradually decreases as time goes on. Carbon-14 
is a f emitter, and, as we can see, reverts back to ordinary nitrogen in 


the process: 
Aang R^ 2159 + ;N'*. 


Since the half-life of C!* is 5700 yr, the decay will last for many millen- 
nia; and by measuring the ratio of C'^ to the ordinary C"? in old samples 
of wood, we are able to estimate dates of origin. The studies in this 
direction were originated by an American physicist, Willard Libby 
(1908- ^ )and are playing the same role in the exact dating of ancient 
human history as the measurement of the uranium-lead ratio in the 
dating of the history of our globe. The measurement of C'* radioactivity 
in old samples of wood is a very delicate matter. In the atmosphere, and 


488 in the growing plant, the ratio C!*/C!? is about 10^ !?; after each half- 
Radioactivity and life, it becomes only half this much. So, to find the relative amount of 
ORUSGUE C!^ in an old sample by measuring its emission of f-electrons requires 
not only a sensitive counter, but heavy shielding as well. The ever-present 
cosmic-ray electrons must be kept from the counter—and the experi- 
menter himself has a much higher C'^ concentration than the sample he 
is studying. Figure 26-5 gives a few examples of the measured and 


FIG. 26-5 The carbon-14 radioactivity of various old objects as a function of their age, 
as measured by Dr. Willard Libby. 


Bristlecone 
pines from 
Western 

American 


04 


03 
0.2 


01 


489 
Radioactivity and 
the Nucleus 


26-10 
Tritium Dating 


(26-2) 


(26-3) 


expected concentrations of C!* in various wood samples of known age. 

Measurements of the C!* content of trees felled by ice-age glaciers 
have established that the last glaciation of the northern United States 
was much more recent (about 11,000 yr ago) than had been previously 
supposed. 


Another method of dating by the use of radioactive materials, which 
was also worked out by Libby, utilizes the radioactivity of tritium, 
the heavy unstable isotope of hydrogen with atomic weight 3. Tritium 
is produced in the terrestrial atmosphere by the action of cosmic radi- 
ation and is carried to the surface by rains. Tritium also decays by 
B emission, which converts it into ;He?. Tritium's half-life is only 12.5 yr, 
however, so that all age measurements involving this isotope can be 
carried out only for comparatively recent dates. It seems that the most 
interesting application of the tritium dating method is in the study of 
the movements of water masses, both in ocean currents and in under- 
ground waters, since by taking samples of water from different locations 
and from different depths, we can tell by their tritium content how long 


` ago this water came down in the form of rain. 


Samples of old water are more difficult to collect than samples of old 
wood, and Libby resolved this problem by analyzing the tritium content 
in wine of different vintages, originating in different countries. The 
unpleasant part of this task is that an entire case of fine wine has to be 
used for each measurement and is rendered undrinkable in the process. 
But the agreement with the expected tritium content was in all cases 
excellent, as demonstrated in Fig. 26-6. 


Questions 


1. Give the number of neutrons and protons in the nuclei-of calcium, alumi- 
num, radium, and selenium. ; 

2. How many protons and how many neutrons are there in the nuclei of the 
following elements: carbon, bismuth, scandium, and gold? 

3. Singly ionized ions of sodium form a canal ray originating in a 300-volt 
tube. What is their maximum energy, in eV and J? 


4. What is the maximum possible energy for a doubly ionized neon ion that is 
part of a canal ray from a tube operating'at 500 volts? Give the answer in eV 


and J. 
5. From the data of Table 26-1, calculate the atomic weight of zinc. 


6. From data in Table 26-1, calculate the atomic weight of chlorine. 
7. List, using standard notation, the isotopes of nitrogen and chlorine. 
8. Write, in standard notation, the isotopes of oxygen and zinc. 


| 
[ 
I. 
g i 


Hermitage Hermitage Sherry, Chateau. Chateau 
Rhone, - Rhone, Jerez, Lovujoc, Loujac, 
Drome, France, Drome, France, Spain ^ Bordeaux, Bordeaux, 
1951 1947 1942 France, 1934 France, 1928 
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FIG. 26-6 The agreement between the calculated and the measured relationship 
between age and tritium activity in various wines. 


(26-4) ?9- The following unstable isotopes decay by emitting an alpha particle. Write 
the proper designation of the isotopes into which this decay transforms them: 
(a) s4Pu?35, (b) s, Pa??6, (c) ssRa??!, 
: ' The following isotopes are known to be unstable, and emit alpha particles. 
Give the designation (atomic number, chemical symbol, and mass number) of 
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the isotopes into which they are transformed: (a) goAc??5, (b) gg Th?23, 
(c) 92U??8, 

11. The isotopes listed below decay by emitting beta particles. Into what 
isotopes does this decay transform them? (a) s;Pb?!!, (b) ,,Bi?!9, (c) 94Pu24?, 
12. The following unstable isotopes decay by beta emission. Designate the 
isotopes into which they are transformed: (a) ygRa??5, (b) s Rn??3, (c) «,Bi?!5, 
13. Along the chain of decays starting with o9 Th232, ,,Po?!6 is formed, which 
emits an alpha particle to become lead. Write a nuclear equation for this decay. 
14. In the uranium decay series, radium (ggRa22°) is formed, which emits an 
alpha particle to become radon (Rn). Write a nuclear equation for the trans- 
formation, showing the atomic number and mass number for this isotope of 
radon, 

15. An unstable isotope of chlorine (C15) often decays by f emission. Write 
a nuclear equation describing this transformation. 

16. .Potassium-40 often decays by f emission. Write the nuclear equation for 
this transformation. : 

17. Chlorine-36 sometimes decays by K-capture, which means that instead 
of emitting a particle, the nucleus absorbs, or captures, one of the electrons in 
the atom’s K-shell. Write a nuclear equation for this particular CI?5 decay. 
18. Potassium-40 sometimes decays by K-capture (see Question 17). Write 
the nuclear equation for this transformation. 

19. Another decay series does not exist in nature, but begins with the artificially 
produced 54Np??7, The series contains 8 a decays and 4 f decays, What is the 
designation of the stable isotope at the end of this series? 

20. Similar to the uranium family is that of thorium, which starts with 
oo Th?3? and ends with stable g;Pb?99, (a) How many alpha emissions are in 
this decay series? (b) How many beta emissions? > 

21. Inthe £ decay of Pa??*, gamma rays of 0.043-MeV energy are also emitted. 
(a) What is the energy of these photons in ergs? (b) What is their wavelength, 
in cm and in À? 

22. In the decay of radium into radon by alpha emission, gamma rays with 
wavelengths of 6.52 x 10~!° cm are also emitted. (a) What is this wavelength 
in Angstrom units? (b) What is the energy of these gamma-ray photons, 
in MeV? : 
23. What is the energy in eV, ergs, and joules, of an alpha particle that has 
been accelerated through a potential difference of 75,000 volts? | 

24. What is the energy (in eV, ergs, and joules) of an electron that has been 
accelerated through a potential difference of 5 x 10° volts? 

25. A beam of alpha particles and a beam of ions of singly ionized neon are 
each accelerated through a potential difference of 3.1 x 10* volts. How do 
their kinetic energies compare? 

26. Take an electron and a doubly ionized nitrogen atom (N?*), and accelerate ` 
each from rest through a potential difference of 5000 volts. How will their 
kinetic energies compare? ~ 

27. Assuming that it were to remain undisturbed, calculate how much of 
Madame Curie’s 200 mg of radium would be left in the year 8378 A.D. 


492 


Radioactivity and 


the Nucleus 


(26-9) 


(26-10) 


. we now have 0.75 g of radium? (c) Would analysis show that some Pb?295 was 


28. Radon-222 has a half-life of 3.8 days. If we begin with 10.24 ug of this 
radon isotope, how much is left after 38 days? j 
29. Strontium-90 (produced in appreciable quantities in atmospheric ai 
bomb tests) has a half-life of 28 years. How long a time is needed for the. .— 
initial Sr?? radioactivity to fall to 3 percent of its original intensity? 
30. An atomic bomb test produces a small amount of radioactive fission. 
product that has a half-life of 4 months. How much time must elapse before: 
the radioactivity of this particular product is reduced to less than 1 percent of 
its original intensity? 
31. Inthe U23? decay series, Pa??* is produced by the f decay of Th?9*, 
which has a half-life of 24 days. If 16 ug of pure Th??^ were put in a sealed 
container for 72 days, (a) how much Th??^ would remain? (b) would you. 
expect to find 14 yg of Pa??* in the container? (c) would you expect there to 
be any Pb?°° present? 
32. The parent of radium in the uranium series is so Th2?9, which has a half- — 
life of about 8 x 10* yr. Suppose we were to set a gram of this pure thorium 
isotope aside for 160,000 yr: (a) How much Th?3? would be left? (b) Would 


also present? 

33. Charcoal from a long-buried ancient campfire has a C!^/C?? ratio about 
12.5 percent as great as that found in modern wood. What is the approximate: 
date of the ancient campfire? : n 
34. A piece of wood taken from an archaeological excavation has a ratio of 
C!^ to C!?, which is about one-fourth as large as the ratio in recently cul im 
trees. How old is the piece of wood? "n 
35. In the year 2234 A.D. the interstellar exploration ship Enterprise III finds 
an abandoned and previously unknown colony on the planet Glogu. The 
planet’s orbit had been drastically shifted, and there was no record remaining: 
of the length of the Gloguan “‘year.” A sample from the lake providing the — 
colony’s water supply showed a count of 900/s of the 0.0181-MeV electrons — 
characteristic of tritium decay. From old stores, water bottles were found — 
dated in the “years” 52 and 38. Samples prepared in the same way from these " 
bottles give counts of 113/s and 28/s, respectively. (a) What was the length ofthe | 
Gloguan "year?" (b) On what earth date was the planet colonized? f 
36. A diver inspecting a sunken ship finds in one of the cabins an unopened — 
bottle of whiskey. The radioactivity of the whiskey due to tritium was found 
to be only about 3 percent of that measured in a recently purchased bottle ~ 


marked “7 years old.” How long ago did the ship sink? (The whiskey on the | 
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After Rutherford became completely persuaded that the radioactive 
decay of heavy elements was due to the intrinsic instability of their atomic 
nuclei, his thoughts turned to the possibility of producing the artificial 
decay of lighter and normally stable nuclei by subjecting them to strong 
external forces. True enough, it was well-known at that time that the 
rates of radioactive decay are not influenced at all by high temperatures 
or by chemical interactions, but this could be simply because the energies 
involved in thermal and chemical phenomena are much too small as 
compared with the energies involved in nuclear disintegration phenom- 
ena. Whereas the kinetic energy of thermal motion (at a few thousand 
degrees) as well as the chemical energy of molecular binding are of the 
order of magnitude of only 10-*? erg, the energies involved in radio- 
active decay are of the order of 1076 erg, i.e., a million times higher. 
Thus, in order to have any hope of a positive outcome, the light stable 
nuclei must be subjected to a much stronger external agent than just a 
high temperature or a chemical reaction, and the bombardment of light 
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nuclei by high-energy particles ejected from unstable heavy nuclei was 


the natural solution of the problem. 


Following this line of reasoning, Rutherford directed a beam ofa 
particles emanating from a small piece of radium against nitrogen gas 
and observed, to his complete satisfaction, that besides the « particles 
that passed through the nitrogen and were partially scattered in all 
directions, there were also a few high-energy protons that were pre- 
sumably produced in collisions between the onrushing « projectiles and 
the nuclei of nitrogen atoms. This conclusion was later supported by 
cloud chamber photographs, as we shall discuss in the next section. We 
can express this reaction by the following nuclear equation: 


NI + Het > 017 + Hl. 


Following this original success, Rutherford was able to produce the 
artificial transformation of other light elements such as aluminum, but 
the yield of protons produced by « bombardment rapidly decreased with 
increasing atomic number of the target material, owing to the increase in 
electrostatic repulsion of the particle by the greater + charge of the 
larger nuclei, and he was not able to observe any ejected protons for 
elements heavier than argon (atomic number, 18). 


The study of nuclear transformations was facilitated by the ingenious 
invention of still another Cavendish physicist, C. T. R. Wilson. This 
device, known as the “Wilson chamber” or cloud chamber, permits us to 
obtain a photograph showing the tracks of individual nuclear projec- 
tiles heading for their targets and also the tracks of various fragments 
formed in the collision. It is based on the fact that whenever an elec- 
trically charged fast-moving particle passes through the air (or any other 
gas), it- produces ionization along its track. If the air through which 
these particles pass is saturated with water vapor, the ions serve as the 
centers of condensation for tiny water droplets, and we see long, thin 
tracks of fog stretching along the particles' trajectories. The scheme ofa 
cloud chamber is shown in Fig. 27-1. It consists of a metal cylinder C 
with a transparent glass top G and a piston P, the upper surface of 
which is painted black. The air between the piston and the glass top is 
initially saturated with water (or alcohol) vapor, generally by a coating 
of moisture on top of the piston. The chamber is brightly illuminated by 
a light source S through a side window W. Suppose now that we have - 
a small amount of radioactive material on the end of a needle N, which 
is placed near the thin window O. 

The particles ejected by the radioactive atoms will fly through the 
chamber, ionizing the air along their paths; however, the positive and 
negative ions produced by the passing particles recombine rapidly into 
neutral molecules. Suppose, .however, that the piston is pulled rapidly 
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FIG. 27-1 Schematic diagram of a simple cloud chamber. 


down for a short distance. The rapid expansion of the air will cause it 
to cool, and the already saturated air now becomes supersaturated with 
moisture that will condense' into water droplets. In order to condense, 
however, the droplets need centers of some sort around which to form. 
The natural condensation of raindrops takes place on dust particles, © 
tiny salt crystals, or ice crystals. In cloud seeding, airplanes scatter 
minute crystals of silver iodide to encourage the condensation of rain 
droplets. 

In the cloud chamber, however, there is no dust, and the droplets 
condense on the ions (as the next best thing) that have been formed along 
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the path of the speeding particles. Thus the tracks of the particles that 
passed by just before, or just as, the piston was pulled down will show 
up as trails of microscopic water droplets. The tracks of « particles are 
quite heavy, since the massive, doubly charged « particle ionizes the 
air strongly. The track of a proton is less strongly marked, and along the 
path of an electron, the ions and hence the droplets are much more 
sparse. In much of the present cloud chamber work, an intense mag- 
netic field is created within the chamber, so the charged particles are 
deflected into curved paths. By measuring the curvature shown on the 
photographs, we can compute the speed and energy of the particles. 

Figure 27-2 is a classical cloud chamber photograph taken in 1925 by 
P. M. S. Blackett that shows the collision of an incident « particle with 
the nucleus of a nitrogen atom in the air that fills the chamber. The 
long, thin track going almost backward is that of a proton ejected in that 
collision. It can be easily recognized as a proton track because protons 
are four times lighter than « particles and carry only half as much elec- 
tric charge; therefore they produce fewer ions per unit length of their 
path than œ particles. The short, heavy track belongs to the nucleus 
sO'? formed in the process of collision. 


FIG. 27-2 The first cloud chamber photograph of a nuclear disintegration, taken by 
P. M. S. Blackett. The diagram to the right of the photo explains the tracks involved in 
this nuclear reaction. 


27-3 
Other Trackers 
and Counters 


In recent years, the bubble chamber bas been ‘ 

the work of the cloud chamber. mts boen dele sup Semen 
operation is the same as that of the cloud chamber, the 
is filled with a liquid (often propane or, more recently, um droge 
that is kept exactly at its boiling-point temperature. X 
will reduce the pressure on the liquid, and bubbles pect 
on the ions that have been produced in the liquid by’ sing 
The bubble chamber has a great advantage when the collision eve 
be observed are relatively rare. In the closely packed atoms of a | 
many more nuclear collisions will occur than in a gas, and 
will stand a much better chance of photographing what he is | 
than he would with a cloud chamber. Figure 30-5 shows 
of tracks of particles in a bubble chamber. 

The spark chamber consists of a stack of flat metal plates spaced 
centimeters apart and separated by insulators. Alternate plates are 
nected together and a high potential difference is maintai 
each plate and its adjacent neighbors (Fig. 21-3). The voltage between 
plates is not quite enough to cause a spark to jump between them. B 
an incoming high-energy nucleus or other particle ionizes the air or other g: 
gas in its passage, making a low-resistance path along which bcr us 
immediately jump and are photographed. Bye 

Besides their obvious application in the conventional photography of 
cloud-, bubble- and spark-chamber tracks, photographic emulsions are 
used directly in recording the paths. ‘of charged particles. Special thick ' 
emulsions are used, often in stacks; the photosensitive chemicals in - 
them mark the trail of ions left by the particle in its passage. Figure 30-4 
shows such a record. 

Counting particles is often as.important as observing their tracks, is 
Probably the best-known device for this pu is the Geiger i 


FIG. 27-3 Schematic diagram of sperk chamber. á 
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FIG. 27-4 Basic operation of a Geiger (or Geiger-Muller) counter. 


Geiger-Muller) counter (Fig. 27-4). Basically, it consists of a thin metal 
cylinder with a fine wire along its axis, in a partial vacuum. An energetic 
particle entering the cylinder ionizes one or more of the gas molecules 
into an electron and a massive positive ion. The high potential difference 
between the cylinder and the central wire creates a strong electric field 
that immediately accelerates the ions in opposite directions. These 
accelerated ions create more ions by colliding with gas molecules—these 
create still more, and so on, so that the electrodes each receive a shower 
of electric charges. The resulting small surge of current through the 
external circuit is amplified to operate a counter, a rate meter (which 
shows the number of surges occurring per second), or a loudspeaker 
that produces a click for each particle entering the tube. 

We have already encountered a scintillation counter in its simplest 
form: In Rutherford’s experiments that led to his discovery of the 
atomic nucleus, the scattered « particles struck a transparent screen 
coated with zinc sulfide. The resulting flashes of light were painstakingly 
counted by an observer watching through a magnifier for endless hours. 
More modern variations use fluorescent crystals or special plastic blocks 
as detectors. The light flashes in these detectors fall on sensitive surfaces 
Which emit photoelectrons which are then amplified and automatically 
counted. 


In the early days of nuclear physics, before the development of the 
counters and trackers now available, the only massive projectiles avail- 
able were the œ particles of naturally occurring radioactivity. Tt was 
apparent that protons would be even more effective as projectiles. Since 


FIG. 27-5 Sir John Cockcroft (left) and author Gamow discuss the possibility *of 
breakiog up the nucleus by using artificially accelerated protons. (Cambridge, England, 
9.) 


they have only half the charge of æ particles, the repulsion of the target 
nucleus would be only half as great and they would have a correspond- 
ingly better chance of penetrating to their targets. At the urging of Lord 
Rutherford, John Cockcroft (see Fig. 27-5) and E. T. S. Walton designed 
something similar to a high-voltage electron gun. Using this new device 
to accelerate protons to an energy of several hundred thousand eV, 
Cockcroft and Walton in 1932 directed their projectiles against a lithium 
target and observed the first nuclear transformation caused by artificially 
accelerated particles: 


aLi? +H! — 2;He*. 
A boron target struck by the proton beam gives the following reaction: 
,B'! + ,H! > 3,He*. 


Figure 27-6 shows the tracks of the three newly formed « particles as 
they fly apart. 

At about the same time, R. Van de Graaff at Princeton University in 
the United States designed an electrostatic accelerator generally referred 
to by his name as a Van de Graaff. It is based on the classical principle 
that because of the mutual repulsion of like charges any charge given to 
a conductor will be distributed entirely on its outer surface. Thus, if we 
take a hollow spherical conductor with a small hole in its surface, insert 
through this hole a small charged conductor attached to a glass stick, 
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FIG. 27-6 A cloud chamber photograph (by P. Dee and C. Gilbert), showing the three 
alpha particles (arrows) resulting from a boron nucleus struck by an artificially accelerated 
Proton. 


and touch the inside surface of the sphere (Fig. 27-7A), the charge will 
Spread out to the outer surface of the big sphere. 

Repeating the operation many times, we would be able to transfer 
to the large conductor any amount of electric charge, and raise its 


Potential as high as desired (or, at least, until the sparks start jumping - 


between the conductor and the Surrounding walls). 

In the Van de Graaff machine (Fig. 27-7B), the small charged ball 
is replaced by a continuously running belt that collects electric charges 
from a source at the base and deposits them on the interior surface of the 


` large metallic sphere. The high electric potential developed in this 


Process is applied to one end of an accelerating tube in which the ions 
of different elements are speeded up to energies of many millions of 
electron volts, 


In the meanwhile, E. O. Lawrence at the University of California worked 
on a different idea: Instead of accelerating particles by means of one 


Insulating 
| support 


FIG. 27-7 The basic principle (A), and the application of this principle in Van de Graaff's 
high-voltage electrostatic generator (B). 


large potential difference, let them travel in circular paths and apply a 
smaller, more manageable potential difference many times. This is the - 
principle of the cyclotron, illustrated in Fig. 27-8. It consists essentially 
of a circular metal chamber cut into halves, C, and C,, and placed 
between the poles of a very strong electromagnet. The' half-chambers 
C, and C, (called “dees” because of their shape) are connected to a 
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"FIG, 27-8 Schematic diagram of the principle of the cyclotron. 


ARIE AD 


source of alternating potential of comparatively high voltage, so that 
when C, is positive, C; is negative, and vice versa. The entire device is, 
of course, in a high vacuum so that air molecules will not interfere with 
the acceleration of the particles. These particles, protons for example, 
are projected into C, by an ion gun 7 that works on the principle of a 
canal-ray tube. Because the protons (or other ions bearing charge q) are 


T moving at right angles to a strong magnetic field B, they experience a 
-.. sideways force that curves them into a circular path. The magnetic force 


Bqv provides the centripetal force 


The time required for the proton to complete a semicircle within C, is 


the length of the path zr divided by the velocity v: 


nrm nm . 
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It is perhaps surprising to find that the time required for the ion to 
traverse a semicircle in one of the dees is not influenced by the speed of 
the ion nor by the radius of the path. This gives the secret of the cyclo- 
tron’s success. 

When the ion leaves C, and enters the space between the dees, C, 
has been made positive and C, negative, so that the space contains an 
electric field accelerating the ion toward C,. (We must bear in mind that 
on the inside of either of the dees, there can be no electric field, so the 
only force here is that produced by the magnetic field.) Within C,, then, 
the ion moves faster but describes a larger semicircle, so the time needed 
remains the same. On leaving C,, the ion finds that the polarity of the 
dees has automatically been reversed, and so on. Every time it crosses the 
gap, a properly timed electronic oscillator has reversed the electric field, 
so the ion eventually receives a high energy from many small pushes 
rather than from one large one. Gathering speed, the ions move along 
an unwinding spiral trajectory and will finally be ejected through the 
window W in the direction of the target 7. The field may oscillate mil- 
lions of times per second, and at every oscillation a fresh squirt of ions 
is injected at 7. In this way, the ions strike the target in little bunches 
millions of times a second, which amounts to almost a steady stream. 

The largest existing cyclotron is in the radiation laboratory of the 
University of California. It has an accelerating circular box 60 inches in 
diameter and produces artificial « beams with an energy of 40 MeV. 


Another look at the expression for the time a proton or other ion spends 
traversing a semicircle will reveal one drawback of the simple cyclotron: 


zm 


t=— 


Bq 


The time (which is connected with oscillator frequency by the relation 
f — 1/2t) is seen to depend on m, the mass of the accelerated particle. 
For bullets or other particles traveling at ordinary speeds, this would 
not concern us, since m is practically constant. We know, however, from 
Einstein's Special Theory of Relativity that mass increases as particle 
speeds begin to approach the speed of light. So, if we try to speed up 
particles too much in a cyclotron, they will, in the outer spirals, be going 
so fast that their mass increase will throw them out of step with the 
oscillating field. 

To eliminate this problem and permit particles to be accelerated to 
higher energies, many ingenious variations have been proposed and 
built: the synchrotron, the synchrocyclotron, the betatron, the proton 
synchrotron, and others. In general, these machines use changing oscil- 
lation frequencies or changing magnetic. field strengths, or both. We 
will not try to look into the details of their operation. Particles may be 
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accelerated to nearly the speed of light and to energies measured in 
billions of electron volts. 

Tn these larger accelerators the particles travel in a path of constant 
radius in an evacuated tube curved in a circle. A series of electromagnets 
spaced along this path gives the necessary centripetal acceleration. 

When nuclear scientists try for higher and higher energies with these 
circular-path accelerators, they encounter another source of trouble. 
The necessary centripetal acceleration of the circling ions causes them 
(in accordance with Maxwell's equations) to radiate some of their energy 
as electromagnetic radiation. As added energy is given the particles, 
their increased centripetal acceleration causes most of it to be radiated 
away, thus defeating the purpose of the machine. There is one way to 
avoid this: Centripetal acceleration a, — v?/r. Thus, for some given 
energy, the acceleration may be made less by making the radius of the 
path larger. This has led to the construction of some enormous ac- 
celerators, which have the handicap that cost increases rapidly with 
increasing size. 

These difficulties have given a renewed interest to the linear, or 
straight-line, accelerator. No huge magnets are needed when the particle 
path is straight. Stanford University now has a linear accelerator 2 miles 
long, in which electrons are accelerated to energies of 20 GeV (giga 
electron volt = 10° eV). An electromagnetic wave is sent down a huge 
conducting tube with a speed only a trifle less than the speed of light. 
The electrons are pushed along by the traveling field of this wave like 
surfers riding the moving water wall of an ocean wave. 

At present the world’s largest accelerator is that of the National 
Accelerator Laboratory at Batavia, Illinois. It is actually four accelerators 
in series (Fig. 27-9), each one sending the particles into the next with a 
good running start. Designed primarily for protons, it has achieved 
-energies of 300 GeV. 

. In Geneva, Switzerland, the European Council for Nuclear Research 
(CERN) is constructing an even more advanced and more powerful 
synchrotron that is expected to produce 400-GeV protons by 1978. 


Questions 


1. Write the following in the form of a nuclear equation: When an alpha 
particle strikes a boron-10 nucleus, a nitrogen isotope is produced, with the 
emission of a neutron. 

2- Write a nuclear equation for the following reaction: Beryllium-9 is bom- 
barded with alpha particles, and carbon-12 and neutrons are produced. 

3. Write the following nuclear reactions in the form of equations: (a) A 
certain isotope, under proton bombardment, emits an « particle and becomes 
ordinary sulfur. (b) Lithium-6, struck by a neutron, becomes an « particle and 
something else. 
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FIG. 27-9 The four-stage accelerator at the U.S. National Accelerator Laboratory in 
Batavia, III. 


4. Write nuclear equations for the following reactions: (a) Ordinary sodium, 
when bombarded with a proton, emits an « particle and becomes something 
else. (b) Tritium decays into something else by emitting a f particle. E 


5. Complete the following reactions by giving the complete designation of the 
missing particle: (a) Al?® + e- + ? (b) AI?? + He* + p39 4 ? (c) A? + 
H? = Si?* + 2? (d) P9 > e+ + ? (e) A? + n > Na?* + ? 


8. Complete the following reactions by giving the complete designation of the 
missing particle: (a) B!! + H! > 3(He*) + ? (b) AU? + H? > Mg?^5 + ? 
(c) N'* + H? > 4(7) (d) AI? + H? > AE? + ? (e) AU? + H'> y+? 
7. Ana particle passes into a cloud chamber with a speed of 5 x 105 m/s. The 
chamber is in a magnetic field B — 0.35 weber/m?, perpendicular to the path 
of the «. What is the radius of curvature of the track? 


8. A magnetic field B — 0.20 weber/m? is maintained in a cloud chamber. 
A proton traveling 3.2 x 10° m/s enters perpendicular to the field. What is the 
radius of curvature of its path? 

9. In a cloud chamber, a proton leaves a curved track of r = 6.1 cm. It is 
traveling at right angles to a magnetic field of 0.15 weber/m?, (a) What is the 
speed of the proton? (b) What is its energy, in joules or ergs? (c) in eV? 

10. A cloud chamber is in a magnetic field of 0.30 weber/m?. An « particle 
entering the chamber perpendicular to the field leaves a track whose radius of 
curvature is 8.9 cm. What is the energy of this « particle, in eV? 

11. What energy, in eV, MeV, ergs, and joules, is acquired by a proton 
accelerated through a potential difference of 1.50 x 105 V? 

12. An a particle is accelerated in a 350,000-V Cockcroft- Walton accelerator, 
What is its energy in eV, MeV, ergs, and joules? 


(27-5) 


(27-6) 


13. A cyclotron has a magnetic field intensity of 6000 gauss (0.6 weber/m?), 
and has an alternating potential difference of 5 x 10* V between its dees. 
Protons are injected. How many revolutions must the protons make before 
obtaining a final energy of 4 MeV? (mp = 1.67 x 1077" kg.) 

14. Deuterons are injected into a cyclotron whose magnetic field intensity is 
8000 gauss (0.8 weber/m?). The alternating potential difference between the 
dees is 4 x 10* V. How many revolutions do the deuterons make before 
achieving an energy of 3 MeV? (mp = 3.34 x 1077?" kg.) 

15. How long does it take one of the protons of Question 13 to complete a 
semicircular trip through one of the dees? 

16. How long does it take the deuteron of Question 14 to traverse a semicircle 
within one of the dees? 

17. What is the frequency of the alternating potential applied to the dees of 
the cyclotron in Question 13? 

48, What is the frequency of the alternating potential applied to the cyclotron 
dees of Question 14? 

19. What is the speed of a 4-MeV proton? 

20. What is the speed of a 3-MeV deuteron? 

21. What is the required diameter of the dees and magnet poles of the cyclo- 
tron of Question 13? 

22. What is the required diameter of the dees and magnet poles in the cyclotron 
of Question 14? 

23, A particle has a rest mass of mo. By what fraction is its mass increased if. 
accelerated to a speed of 0.75c? By what fraction would the period of its 
revolution in a cyclotron be increased? 

24. If a cyclotron had been mistakenly designed to accelerate particles to 
half the speed of light, by what fraction would the time required to pass through 
a dee be increased, as compared with the time required at nonrelativistic speed? 
25. In the Stanford linear accelerator, electrons have been given an energy 
of 24 GeV. (a) What is the rest mass of an electron, in MeV? (a) At 24 GeV, 
by what factor does the relativistic mass-energy exceed the rest mass of the 
electron? 

26. (a) What is the rest mass of a proton, in MeV? (b) If a proton is given an 
energy of 200 GeV, how many times greater than its rest mass is its relativistic 
mass-energy? 
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We have mentioned the early ideas holding that the nucleus was made 
up of protons and electrons—ideas that were rejected in the 1920s 
when quantum mechanics began its development. Rutherford, in 1920, 
without any definite experimental evidence to support him, had sug- 
gested a massive, electrically neutral nuclear particle, and had even given 
it a name, the neutron. 

Actual evidence was not forthcoming, however, until 1930, when a 
German physicist, W. Bothe, noticed that the bombardment of beryl- 
lium by «æ particles from polonium gave rise to a very peculiar radiation 
of high penetrating power. Bothe believed that this radiation, unaffected 
by magnetic fields, was composed of high-energy photons. But in 1932, 
James Chadwick, a colleague of Rutherford, proved that the radiation 
must be composed of neutral particles of about the same mass as the 
proton. Rutherford had already provided the name for them, and it 
could now be seen that Bothe's original experiments could be written as 


GB 4 2He* > QC + on’. 
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FIG. 28-1 Chart of number-of neutrons (N) and number of protons (Z) in nuclei of 
stable or long-lived nuclei. 
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With this information experimentally confirmed, it was easy to assign 
to each isotope of each element the number of protons and neutrons 
contained in its nucleus. We have already used Z to indicate atomic 
number, which equals the number of protons in the nucleus. The mass 
number is customarily called A, which equals the number of protons 
plus the number of neutrons. For N, which we can use for the neutron 
number, we then have N = A — Z. 

Thus, in 1932, physicists engaged in studying the atom and its nucleus 
had only three particles to consider: the proton, the neutron, and the 
electron. Their masses are now well-known and are, in amu (atomic 
mass unit, one-twelfth of the mass of the C'? isotope of carbon): 


mass of neutron = 1.00867 amu 
proton = 1.00728 
electron = 0.00055. 


, 


It is an easy job to go through a list of stable or long-lived isotopes of 
all the elements, and from their mass numbers (A) and atomic numbers 
(Z) figure the protons and neutrons in each nucleus. Figure 28-1 shows 
N and Z for this list. For the lighter elements, the numbers of neutrons 
and protons are about equal, but with increasing mass the proportion , 
of neutrons. becomes greater and greater. In 9,U??, for example, 
N/Z = 1.59; for ,O'5, N/Z = 1.00. 


It might be expected that the mass of an atom or nucleus would be equal 
to the sum of the masses of its constituent particles. Let us try this for 
the O!$ atom, containing 8n, 8p, and 8e: 


8 neutrons = 8 x 1.00867 = 8.06936 
8 protons = 8 x 1.00728 = 8.05824 
8 electrons = 8 x 0.00055 = 0.00440 

? 16.13200 


Jt was necessary to.add in the 8 electrons ‘because atomic weights 
always include the weight of the atomic electrons in their values. Since 
the number of atomic electrons is always equal to the number of protons 
in the nucleus, it’ may -be more convenient, in figuring nuclear dis- 
crepancies, to use the hydrogen atom instead of the proton, as this 
automatically includes the proper number of electron masses. For oxygen, 
we could have written ` ; 


8 neutrons = 8 x 1.00867 = 8.06936 
8 hydrogens = 8 x 1.00783 = 8.06264 
16.13200 
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The mass of an O'° atom, however, is 15.99491 amu, which leaves a 
discrepancy of 16.13200 — 15.9949] — 0.13709 amu. For the principal 
isotope of iron, ,,Fe°°, the results are similar: 


30 neutrons = 30 x 1.00867 = 30.26010 
26 hydrogens — 26 x 1.00783 — 26.20358 
56.46368 


which is to be compared with the value of 55.9349 for the atomic weight 
of Fe?5. Here we find that the atomic weight of Fe? is 0.5288 amu 
smaller than the combined masses of its components. 

The explanation of this mass defect lies in Einstein's E = mc?, and 
might perhaps have better been called an “energy defect." Since the mass 
of, say, the O'° nucleus is 0.13709 amu less than the combined masses 
of the 8 neutrons and 8 protons that make it up, it must therefore have 
the equivalent of 0.13709 amu less energy than the 16 nucleons con- 
sidered separately. It is easy to see (at least qualitatively) that this must 
be so. The separated nucleons have great potential energy because of the 
strong attractive nuclear forces between them. Or we may look at the 
process in reverse, and imagine ourselves picking the nucleus apart. 
Every nucleon that is removed from it will have to be dragged away 
against the strong attraction of its neighbors. When the 16 nucleons (for 
O!5) have been separated in this way, the work we had to do will be just 
equal to the added potential energy of the separated nucleons. This 
work, or energy, is the binding energy of the nucleus. For the oxygen 
nucleus, we see that this total binding energy is equivalent to a mass of ` 
0.13709 amu. 

It is convenient to be able to convert this mass into other units. The 
mass of Avogadro’s number of C!? atoms is taken as exactly 12 grams. 
Then 

? 1 12 


lamu = — x ———— 
12 Av. No. 


1 
- 6.022 x 1023 


= 1.660 x 107?* g or 1.660 x 1077" kg. 


This is readily converted to joules by E = mc?, and since 1 eV = 
1.602 x 107? J, we have the following tabulation: 


TABLE 30-1 


Tamu = 931 MeV = 1.492 x 10> 10joule = 1.660 x 10~27kg 
1.074 x 10-3amu = 1 MeV = 1.602 x 10-13joule = 1.783 x 10~3°kg 


6.70 x 109amu | — 6.24 x 1012MeV = 1 joule = 1.113 x 10717kg 
6.02 x 1026amu = 5.61 x 1022 MeV = 8.99 x 10!6joule =1kg. 
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FIG. 28-2 The nuclear binding energies, per nucleon, of stable and long-lived nuclei. 


Figure 28-2 shows the binding energy per nucleon, plotted against 
mass number A for a representative sample of elements. This binding 
energy per nucleon, relatively small for the lighter elements, increases 
with mass number to a maximum at about A = 60 and then decreases 
steadily for still more massive nuclei. As we shall see, the relationship 
between binding energy per nucleon and the mass number, as illustrated 
in this graph, is what makes it possible to release energy and generate 
power by nuclear fission and fusion. 


The exact knowledge of the atomic weights of the isotopes permits us 
to evaluate the energy balance of various nuclear reactions, since the 
mass equivalent of the liberated or absorbed nuclear energy must enter 
into the equation of the conservation of mass during the transformation. 
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Thus, in the case of Rutherford's original reaction, 
N^ + ;He* > 407. + ,H!. 


The sums of the masses of the atoms entering the reaction and those 
resulting from it are, respectively, 


NIA 14.00307 3017 16.99914 
+ M 

,He* 4.00260 HI 1.00783 

18.00567 18.00697 


The combined mass of the reaction products is larger than the com- 
bined mass of the atoms entering into the reaction, by 0.00130 amu. 
Thus, to make the reaction an equation, we must add 0.00130 amu = 


1.21 MeV of energy on the left side, meaning that the bombarding « - 


particle must have 1.21 MeV more KE than the O!7 nucleus and the 
proton on the right side. 
The reaction Li” + ,H' > 2,He*, observed by Cockcroft and 


Walton, gives a different result: 


Li? 7.01601 2He*——4.00260 
+ + 

Hi 1.00783 4He*— — 4.00260 

8.02384 8.00520 


In this case, 0.01864 amu = 17.4 MeV must be added to the right 
side, indicating that energy is released, and that the two « particles 
produced have 17.4 MeV more KE than did the bombarding proton. 


Figures 28-1 and 28-2 present nuclear information calculated directly 
from simple experimental facts. For this it was not necessary to have 


'"any-knowledge of how the nucleus was put together. Of course it is not 


possible to describe the small world of particles in terms of the large- 
Scale phenomena we can see and touch. But tentative models—the wave 
picture of light, the Bohr atom, etc.—can often be helpful if we recognize 
they are only crude analogies and do not represent any “real” truth. 

In 1936 Bohr suggested that the nucleus might be like a droplet of 
dense liquid, composed of the subdroplets of the neutrons and protons 
it contained. This is analogous to our picture of a small water droplet 
composed of molecules. 

Clearly, the forces holding the neutrons and protons together cannot 
be electrical—the neutrons have no charge, and the mutual repulsion of 
the positively charged protons would pull a nucleus apart. We must 
conclude that there is another force acting between all nucleons, holding 
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MeV per nucleon 


15 


them together by the attraction of each nucleon for its immediate 
neighbors, as the intermolecular forces hold a real liquid droplet together. 
As a first approximation, consider that each nucleon in a nucleus is 
surrounded by others on all sides. If we now reach in and remove one 
nucleon, its binding energy is the work we must do to pull it outside, 
away from the nucleus, against the attraction of its neighbors. This will 
be the same for each nucleon, no matter what the size of the nucleus. 
Figure 28-3 shows this as U, “uncorrected binding energy” per nucleon, 
running in a straight horizontal line across the graph.* 

There are at least two corrections to make. Some of the nucleons are 
on the surface, and are therefore not surrounded by attracting neighbors 
on all sides. It will take /ess work to pluck these nucleons away, as 
discussed in Chapter 12, Section 5, in connection with the surface energy 
and surface tension of a real liquid droplet. So the “uncorrected” line 
U will have to be reduced to take this into account. The surface-to- 
volume ratio of the droplets becomes smaller as the drop—or nucleus— 
becomes larger; a large nucleus has a small fraction of its nucleons on 
the surface; for a small nucleus the fraction is larger. In Fig. 28-3 the 
line S, “surface correction," shows this reduction, the correction large 
for the small nuclei, and getting smaller as A increases. 

The other obvious correction is due to the mutual electrostatic repul- 
sion of the protons. It will need less work in our imaginary experiment 
to withdraw a proton than a neutron, because the repulsion of the other 
protons will be helping us. If the number of protons is, say, doubled, 


FIG.28-3 Qualitative graphical analysis of the curve of binding energy per nucleon. 
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there will be twice as many repulsions contributing to the reduction so 
this average correction per nucleon should become larger with larger A. 
The fact that the fraction of protons becomes less as A increases (Fig. 
28-1), and the fact that in a larger nucleus the distance to the outer 
protons becomes greater, combine to make a quantitative calculation 
difficult; but the general trend of the curve is as shown marked C, 
“Coulomb correction,” in Fig. 28-3. When the total binding energy, 
+U — S — C, is plotted, its shape is similar to that of Fig. 28-2. 


The liquid-drop model leaves some unanswered questions. Why are Z 
and N roughly equal for light nuclei, with N somewhat larger in heavy 
nuclei? It would seem that the more neutrons and the fewer protons, the 
more tightly bound and stable a nucleus would be, because of the reduc- 
tion of the mutual repulsion of the protons. Yet there is no helium 
isotope ;He?5, or an oxygen ,0!!?. Why not? 

In 1949 two papers (Maria Goeppert-Mayer in the United States 
and J. H. Jensen in Germany) independently proposed a “shell model" 
for the nucleus. We have seen the Bohr atomic model, with its various 
shells and subshells of electrons. Nuclear particles also fit into a similar 
but more complicated scheme, with quantum numbers analogous to 
those of the electrons in the outer atom; and the Pauli exclusion principle 
works as effectively for nuclei as for atoms. All electrons are alike, 
however, and there is only one sequence of energy levels to accommodate 
them all. But for protons and neutrons, although the nuclear binding 
force makes no distinction between them, each has its own set of energy 
levels. ` 

Figure 28-4 sketches a crude representation of the independent 


FIG. 28-4 Schematic diagram of neutron and proton energy levels within a nucleus. 
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neutron and proton energy levels in the nucleus. The neutrons we might 
imagine to be lead balls piled one atop another—the proton pile is 
similar, but between each pair of protons is a spring, representing the 
electrostatic repulsion between them. This makes their spacing a little 
larger than that of the neutrons. The imaginary nucleus represented in 
the drawing is not stable—i.e., there is a way it can achieve a lower total 
energy. If.one of the neutrons were to become a proton, and occupy the 
top level of the proton pile, the total energy of the nucleus would be 
reduced—and this it does by emitting an electron in f! decay, as shown. 
For an excess of protons (whose energy levels are more widely spaced 
than those of the neutrons) equalization can be approached by removing 
two neutrons and two protons in an a decay. Thus in a radioactive decay 
chain (as in Fig. 26-3) we see an irregular alternation of « and f decays, 
each overshooting the line of stable nuclei until a stable configuration is 
reached, 

Nuclear energy levels are of course much more complex than those 
in the simple stacks of lead balls in Fig. 28-4; both protons and neutrons 
have shells and subshells similar to those of atomic electrons, In the 
study of nuclear behavior it was noticed that nuclei with 2, 8, 20, 28, 50, 
or 82 protons, or 2, 8, 20, 28, 50, 82, or 126 neutrons, were in general 
quite stable and inert. In exposing these nuclei to bombardment by 
neutrons, the chances are extraordinarily small that they will change 
their configuration by absorbing one of the neutrons. As an example, 
the element tin (sọSn) has 10 stable isotopes ranging from Sn!'? to 
Sn!?4, each with 50 protons. There are 6 stable nuclei,-each containing 
50 neutrons: 35Kr?5, ,;Rb97, ,,Sr*5, ,,Y*?, 4oZt°°, and 4,Mo?*. We 
might look on this series of nuclear **magic numbers," as they are called, 
as being analogous to the series Z — 2, 10, 18, 36, 54, and 86 in the 
shell structure of atoms. These mark the filling of the p subshells, and 
identify the stable, inert noble gases. In a similar way the nuclear shell 
model has been able to predict stability and other characteristics of 
nuclear behavior. 


Questions 


1. Calculate the neutron/proton ratio in the nuclei of (a) K??, (b) Pd!9$, 
(c) Xe!?!, 

2. What is the ratio of the number of neutrons to the number of protons in 
the nucleus of (a) Sc*5, (b) Cd!!?, (c) Bi^?9? 

3. The mass (atomic weight) of Li? is 7.01601 amu. (a) What is the binding 
energy of Li”? (b) How much energy in MeV. would be liberated if one could 
make a Li’ nucleus out of neutrons and protons? 

4. (a) What is the binding energy of the alpha particle? (b) How many MeV 
of energy would be liberated if one were to make an alpha particle out of 
neutrons and protons? (Mass of 2He* atom = 4.00260 amu.) 
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5. What is the binding energy per nucleon of Li?? (See Question 3.) 

6. What is the binding energy per nucleon of Be? (atomic weight, 9.01219)? 
7. What is the binding energy per nucleon of Zn$*? (Mass — 63.9291.) Give 
answer in amu and MeV. e 

8. What is the binding energy per nucleon of Fe59? Give answer in amu and 
MeV. 

9. What is the binding energy per nucleon of Pb?95? (Mass = 207.9766.) 
10. What is the binding energy per nucleon of U?35? (Mass — 238.0508.) 
11. N'* + Het + H' + O"7, (For Questions 11 through 16): (a) What is 
the mass (or energy) difference between the two sides of the reaction equation, 
in amu and in MeV? (b) Does this difference represent an excess of energy that 
the bombarding particle must have in order to conserve energy, or an excess 
of energy acquired by the product particles? Following are some atomic masses 


"not given in the text: Be? = 9,01219, B!? = 10.01294, B'? = 12.01437, 


Ne?? = 19.99244, Na?? = 22.98977, S°? = 31. 97207, C5 = 34.96885.) 
12. Be? + Het + C!? + n (See Question 11.) 

13. B'? + n — Li? + He* (See Question 11.) 

14. S?? + He* + H! + CP5 (See Question 11.) 

15. Be? + He* + H! + B!? (See Question 11.) 

16. H! + Na?? + Ne?? + He* (See Question 11.) 


Early in January, 1939, the German radiochemists Otto Hahn and his 
associate Fritz Strassmann published the results of bombarding uranium 
with neutrons, Their results were difficult to interpret, as they had 
confidently expected to produce "transuranic" elements—i.e., elements - 
beyond uranium in the periodic table. There was evidence that elements 
in the middle range of atomic weights had been produced by the bom- 
bardment, but Hahn, primarily a chemist, was reluctant to make a 
definite claim to this effect because such a conclusion would be “at 
variance with all previous experiences in nuclear physics." 

The previous year, Hahn's long-time co-worker, the Jewish Lise 
Meitner, had left Germany and the growing power of Hitler to join 
Bohr in Copenhagen. Here she and her nephew Otto Frisch found 
definite confirmation in chemical analyses and cloud-chamber photo- 
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graphs that uranium, when bombarded by neutrons, could split into two 
medium-sized fragments, with the release of enormous amounts of 
energy. Bohr immediately reported this to meetings of physicists in the 
United States. In the months that followed, workers in laboratories all 
over the world rushed to discover more about this new phenomenon of 
nuclear fission. 


Naturally-occurring uranium consists almost entirely of two isotopes: 
about 0.7 percent is U??5 and 99.3 percent is U??*. Experiments soon 
indicated that nearly all the fissions were of the rarer U??5, and con- 
firmed that an enormous amount of energy—about 200 MeV— was 
released in each fission. This is millions of times more energy than that 
given off by any chemical reaction. 

For the source of this energy, let us turn back to the binding energy 
curve of Fig. 28-2 on p. 511. The dot representing U??? indicates a bind- 
ing energy of about 7.55 MeV per nucleon; since it contains 235 nu- 
cleons, this gives a total binding energy of 7.55 x 235 — 1770 MeV. 
There is no way to predict exactly how the nucleus will split when it 
fissions, but the most probable division is into pieces containing about 
40 percent and 60 percent of the original nucleus. Assuming that the 
U235 nucleus fissions into fragments of this size, we have parts whose 
mass numbers are 235 x 0.4 — 95, and 235 x 0.6 — 140. Figure 28-2 
gives values of about 8.6 and 8.3 MeV per nucleon for these, for a total 
of 8.6 x 95 + 83 x 140 = 1980 MeV. This indicates a release of 
1980 — 1770 — 210 MeV of energy for each fissioning nucleus, in 
agreement with more direct experimental evidence. 

What sort of fragments are the A = 90 and A = 140 parts into 
which the uranium nucleus fissioned? How might we expect them to 
behave? In Fig. 28-1 on p. 508, one of the circles represents U??5, with 
an n/ p ratio of 143/ 92 — 1.55. Anywhere along the straight line drawn 
from U?*5 to the origin of the graph, the n/p ratio will be the same. 
Presumably the two fragments will contain the same relative amounts 
of neutrons and protons, and will lie on this line, where they have been 
indicated by "radioactive" circles. Both lie well above and to the left 
of the band of stable nuclei, and are accordingly very unstable. In the 
"magnifying glass" are arrows showing the changes resulting from 
different modes of decay. An x decay should carry the nucleus still 
farther from the stable region, and therefore does not occur. The emis- 
sion of an electron by f! decay does occur, as it brings the fragment 
closer to stability. More importantly, neutrons are also emitted as 
another way to reduce the too-high 7 / p ratio. So, after emitting a series 
of electrons and neutrons to form intermediate nuclei of various half- 
lives—some long and some short—the fragment eventually becomes a 
stable isotope of one of the middle-weight atoms. 
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The nuclei of uranium and of transuranic elements (those of higher Z 
than uranium) contain so many protons that it requires little disturbance 
to allow the repulsive Coulomb forces to break them in two. However, 
alpha particles, protons, and any other positive particles are so strongly 
repelled that they cannot penetrate the nucleus to damage it. The 
relatively tiny mass of the electron makes it equally ineffective. Neu- 
trons—relatively massive and without electric charge—are the ideal’ 
projectiles to cause these large nuclei to fission. 

One might expect to find that the higher the neutron's speed and 
energy, the more effective it would be at causing fission. But this is not 
necessarily the case—the neutron requires time to react with the nucleus. 
In some circumstances a too-fast neutron may merely pass through the 
nucleus and come out the other side without having any effect. Table 
29-1 tabulates in a very rough way the effects of neutrons of different 
energies on U??5 and U?*® nuclei. 

The differences between the reactions of U?*> and U??? form the 
basis of the technology needed to release the energy of fission, whether 
suddenly for an explosive effect, or gradually and under control for the 
operation of power-producing nuclear reactors. 


There is nothing mysterious or even unusual about ‘‘chain reactions." 
A. sheet of paper is quite stable in the presence of the oxygen in the 
atmosphere. A match held under a corner of the sheet, however, will 
add enough thermal energy for the oxygen to be able to combine with 
the material of the paper in a chemical reaction that releases a large 
amount of heat. This released heat in turn enables the neighboring paper 
to combine with oxygen, giving off more heat, which..., and so on 
until the entire paper is consumed. 

If we substitute “neutrons” for “‘heat energy," we have a similar 
situation with the fission of uranium nuclei, Consider a piece of U??5, 
There are always a few neutrons in the air, with the same average kinetic 
energy as the molecules with which they have been colliding. One of 


TABLE 29-1 
Neutron energy 


High energy Little effect Causes fission 


Medium energy Little effect Neutron absorbed 
(a few MeV) 


Low energy Causes fission Little effect 


(thermal neutrons, less than 1 eV) 
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these low-energy (about 0.025 eV at room temperature) "thermal" 
neutrons will soon enter the uranium and cause the fission of a U??5 
nucleus, a job at which thermal neutrons are particularly effective, as 
indicated in Table 29-1. Each fission will produce two or three neutrons 
on the average, each having a few MeV of kinetic energy. This is too 
much energy for them to be very effective in causing U??? fission, but 
after a number of collisions this energy is reduced to the point where 
they are again effective fissioners, so that each one is capable of causing 
another fission, each of which produces two of three more neutrons to 


- produce two or three more fissions . . ., and so on, as indicated in Fig. 


29-1. (All this is happening, remember, on a time scale measured in 
microseconds or picoseconds.) 


What has been described above might be a nuclear fission bomb, com- 
monly called an atom bomb, As described, however, it might not work— 
the size of the piece of U??? has an important influence. In Fig. 29-1, 
of the 34 fission neutrons shown produced, 11 of them, or 32 percent, 
have escaped through the surface and are lost as far as causing further 


FIG. 29-1 A nuclear chain reaction developing in a piece of fissionable material with a 


- "branching ratio” of 2—i.e., each neutron-induced fission produces two more neutrons. 


The reaction starts at 1 by a single neutron from the outside. After seven successive 
generations in this particular piece, seven neutrons remain inside the piece, and eleven 
have been lost through the surface. 
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fissions is concerned. To exactly sustain a nuclear chain reaction such as ` 
this, without the rate of producing fissions either growing larger or 
fading away, exactly one neutron from each fission must cause another 
fission. In the hypothetical case shown, more than one of them does 
produce further fissions, so the rate of fissioning would rapidly increase. 

The neutrons emitted by fission may have four different fates awaiting 
them: 


1. They may lose energy by collisions until they are able to cause another 
fission of U?35, 

2. In a uranium mixture containing U??5, they may be absorbed by a U??9 
nucleus. This is a very important event that we will discuss later; but it does 
eliminate the neutron as a fission producer. 

3. Absorption by other materials present, including previously formed fission 
fragments. 


4. They may be lost by escaping through the surface. 


In the U235 bomb we are imagining, we assumed (and this is much 
more easily assumed than accomplished) that U??? is not present, so 
we can neglect item 2, and assume that item 3 is also negligibly small. 
This leaves only two alternatives: A fission neutron will either cause 
another fission or it will escape through the surface and be lost. 

In order to make the losses through the surface as small as possible, 
we must make the surface (through which the escapes take place) as 
small as possible in comparison to the volume (in which the fissions 
occur). The larger ‘piece of uranium, the smaller the surface-to- 
volume (S/V) ratio bécomes. Consider a cube measuring d cm on each 
side. Its volume is d°; its surface area is 6d”, giving S/V = 6/d; the 
S/V ratio varies inversely with its size. A cube 0.1 inch on a side has 
S/V = 6/0.1 = 60; for a 10-inch cube, 100 times larger, S/V = 6/10 = 
0.6100 times smaller. Although we have figured this for cubes, the 
same inverse relationship between size and S/V holds for any shape. 

Thus, if our imaginary U?** bomb is too small, neutron losses 
through its surface will prevent a chain reaction. As we make it larger 
and larger, S/V becomes smaller, and eventually we reach the critical 
size, at which exactly one of the two or more neutrons will be retained 
to carry on the chain reaction. For a piece larger than critical size, losses 
will be less, so that more than one of the neutrons produced in each fis- 
sion will be able to cause another fission, and the chain reaction will 
grow rapidly, to produce an explosion. Figure 29-2 shows a primitive 
bomb in which the two separated pieces are each slightly less.than the 
critical size. When the conventional explosive brings them together, 
the resulting piece is much larger than critical and the fission chain 
reaction rapidly builds up, to release explosive energy until the entire 
device is vaporized and dissipated into the atmosphere. 
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FIG. 29-2 The principle of the “gun-type’’ atomic bomb. A conventional explosive 
drives a U-235 or plutonium cylinder along the axle until it surrounds another piece of 
fissionable material forming the far end of the axle, thereby producing a single fissionable 
mass of more than critical size. 


In the early prebomb days of fission research, it was not even known if 
it would be possible to sustain a chain reaction to produce either an 
explosion or a steady flow of controlled heat energy. It was decided to 
build a research reactor, to learn as much as possible about the many 
unknown aspects of the fission process.* This was done in great secrecy 
in a squash court under the University of Chicago’s Stagg Field Stadium, 
directed by the Italian-American physicist Enrico Fermi. 

The two principal isotopes of uranium are chemically identical and 
differ in their masses by only a little more than 1 percent. It was obvious 
that the problem of separating them in large quantities would be a lengthy 
and difficult one. It was therefore necessary to design a reactor that 
could operate with the naturally-occurring mixture of isotopes. No self- 
sustaining chain reaction is possible in a Single piece of such uranium, 
no matter how large its size. Most of the neutrons produced by fission 
would at once be absorbed by the U??? nuclei—there are nearly 140 of 
them for each U??5 in the natural mixture. But if they could be slowed 
down to the thermal energy range, they would merely bounce off the 
U??*'s until they struck a U?35 nucleus to cause fission. The best way 
to slow them down is by collisions with light nuclei in a material referred 
to as a moderator. 


s Germany was also occupied with similar projects—a substantial portion of the Kaiser 
Wilhelm Institute in Berlin, as well as the uranium. mines of German Bohemia, were sealed 
off under the tightest possible security. 
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From considerations of conservation of momentum and energy, it 
can be shown that when a particle collides with another particle much 
less massive than itself, it is slowed down very little and loses scarcely 
any energy (recall the lack of effect that electrons have in deflecting a 
particles). At the other extreme, if a particle collides with another particle 
much more massive than itself, it bounces back with a speed and energy 
that are little changed. To be most effective, then, in helping the neutron 
lose energy by collision, the moderator atoms should be light atoms, 
comparable in size to the neutron, and should not absorb neutrons. 

Of course, from the purely mechanical point of view, ordinary hydro- 
gen (or some hydrogen-rich material, such as plain water) would be the 
best moderator. Its nuclear protons, having almost the same mass as the 
neutrons, would absorb the maximum possible energy in each collision 
and would be most effective in slowing the neutrons. Unfortunately, 
however, some of the collisions would result in the absorption of the 
neutron, and its loss from the fission chain: 


on! + ,H! > ,H?. 


This heavy isotope of hydrogen, ,H?, is such a common material in 
nuclear research that it has even been given its own name—deuterium— 
and its own chemical symbol D. Its nucleus, a proton and a neutron, 
is called a deuteron. About 1 H atom in 7000 is actually a D atom, so 
deuterium is relatively plentiful. “Heavy water,” DO, is a fine neutron 
moderator, and can be separated from H,O by a long and tedious series 
of repeated electrolysis or distillation; because of the smaller mass and 
greater mobility of its molecules, H;O distills and electrolyzes a little 
more readily than DO. Fermi's group decided to use the readily avail- 
able element carbon, rather than heavy water, whose production would 
present another long technological problem to be solved. 

A neutron can travel several centimeters through uranium before it 
strikes a nucleus (recall the small size of the nucleus compared to the 
size of the atom). The experimental reactor used balls of natural uranium 
and uranium oxide surrounded by bricks of highly purified carbon in the 
form of graphite. 

The balls fit into cavities machined in the bricks, and on the floor of 
the squash court layers of graphite and uranium were put down to form 
a pile of ever-increasing height. (This and other early nuclear reactors 
were called “piles” because of this manner of construction). Figure 29-3 
shows the pioneer reactor under construction. 

Although they are not clearly shown in the photograph or in the 
later drawing (Fig. 29-4), the structure contained cavities and channels 
for instruments of many kinds, and slots into which cadmium rods 
could be pushed to varying depths. Cadmium (as well as boron and a 
number of other materials) is a strong absorber of neutrons, and such 
control rods serve to regulate the net rate of neutron production. By 
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pulling the rods farther out, or by pushing them in, the chain reaction. 
could be prevented from dying out, or from steadily increasing until the 
resulting increase in temperature might damage the reactor. 

The uranium balls were made small enough so that nearly all of any 
fission-produced neutrons would pass through them into the surrounding 
graphite. Here they could collide to their hearts’ content with carbon 
nuclei and thereby reduce their energies to the point where they could 
no longer be absorbed appreciably by the U???, Eventually, these low- 
energy neutrons, following a Brownian-motion path, would diffuse back 
into one of the uranium balls, where they would be almost certain to 
cause the fission of the first U??5 nucleus they encountered. 

On December 2, 1942, after the fifty-seventh layer had been placed, 
critical size was reached, and the first self-sustaining nuclear chain 
reaction was accomplished. Ten days later the pile was operating 
smoothly at its maximum allowed power production of 200 watts and 
was furnishing much of the data needed for further work on both bombs 
and power production. 


So far, our aiscussion has assigned U??? the role of a useless, unwanted 
neutron absorber that provided no benefits, and many difficulties. By 
making a huge pile with an enormous volume of moderator, Fermi’s 
group was able to overcome these difficulties, and sustain a modest U?35 
chain reaction. The information gained by this research reactor was of 
great importance and essential to any further progress. But a nuclear 
bomb was the first-priority project at that time—it was a life-and-death 
race to beat Hitler's Germany to this goal. 


FIG. 29-3 The only photograph (taken in’ November, 1942) made during the con- 


struction of the first nuclear reactor. Here the nineteenth layer (almost covered up) is 
formed by graphite blocks studded with spheres of uranium metal and uranium oxide. 
The even-numbered layers consisted only of graphite blocks without uranium. The pile 
became critical on December 2, 1942, after 57 layers had been laid down. (Courtesy 
Argonne National Laboratory.) 

FIG. 29-4 A drawing of the first nuclear reactor, constructed in a squash court under 
the west stands of Chicago University's Stagg Field in 1942. (Courtesy U.S. Army 
Engineers.) 
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As we have seen, a large chunk of nearly pure U?5 was essential to 
make a bomb, and this required the separation of U??5 from the more - 
than 99 percent of U?*® present in the natural mixture. Since the two 
isotopes are identical chemically, it was necessary to use a physical 
separation method that would be able to take advantage of the slight 
difference in their masses. 

One obvious method was to use a mass spectrograph, referred to in 
Chapter 26, Section 3. Figure 29-5 shows the scheme of operation of a 
primitive model of such an instrument. Uranium, in the form of the 
gaseous compound uranium hexafluoride (UF,) is ionized by an electric 
discharge. As some of the ions pass through a slit in a partition, an 
electric field accelerates them toward a second slit, from which they 
emerge, all with the same energy KE = Ve, to enter a magnetic field. 
Since both the U??*F, and the U???F, have the same KE, the less 
massive U??5F, must have a slightly higher velocity as well as a smaller 
mass, and is therefore deflected by the magnetic field into an arc of smaller 
radius. The two isotopes are thus separated, and can be collected 
separately. This method was used, with a battery of thousands of spec- 
trographs running 24 hr a day. The disadvantages were many: Each 


FIG. 29-5 Schematic diagram of separation of uranium isotopes in a mass spectrograph 
type separator. F 
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spectrograph could produce no more than a fraction of a milligi 
day; enormous amounts of electrical energy were needed to operate the 
magnets, with a huge cooling system required to take away the 
heat from them. 

So most of the separation was done with a diffusion system, in w 
UF, gas passes through a porous membrane separating regions of hij 
and low pressure. Since the rate at which molecules diffuse through 
pores of the membrane depends on their speed, slightly more U?35p S 
molecules will pass through to the low-pressure side. Thus at 
passage through the porous membrane, the relative concentration 
U?5 will be increased; after thousands of such passages, U?** can 
nearly completely separated from the U?**. By these laborious met! 
enough U??* was accumulated to make a bomb. 

Meanwhile, another important development was taking place. 
Table 29-1, there is a brief notation “neutron absorbed" for the reacti 


which we have so far treated as a disadvantage to be avoided at all" 
costs, has a very remarkable consequence. 1 


44U?* + n — ,,U?? — (half-life, 24 min). 
The unstable uranium-239 quickly undergoes two f decays: 


5U* — _,f° S4Np?? — (half-life, 2.4 days) 
os Np? > ° + o4Pu2? (half-life, 2.4 x 10* yr). 


The plutonium-239 produced in this way is very similar to uranium-235- 
in its behavior under neutron bombardment. In Table 29-1, its listing: 
would be the same as that in the U?** column. As a nuclear fuel, it is the 
equal of U2", 

In this way, a neutron absorbed by U??*, although it loses its place 
in maintaining the chain reaction, does actually produce another fissio 
able atom of nuclear fuel. And plutonium, being chemically diff 
from uranium, can later be separated out by chemical means, rathe 
than the lengthy physical processes needed to separate isotopes of the 
same element. 3 


Fission reactors can be built for several purposes. Many, like the first 
1942 pile, are purely for research. Their designs are many and variec 
depending on the purpose of the research, and operating efficiency may 
be à very secondary consideration. ^ 
Public interest, however, is directed toward large reactors designed 
produce heat, to generate steam, to operate turbines, to drive ele 
generators. Figure 29-6 is a very simplified sketch of a typical n 


Reactor pressure vowel 


FIG. 29-6 Basic elements included in a typical nuclear generator plant. 


generating plant. The fuel is normal natural uranium enriched by the 
addition of a few percent of U??*, enclosed in stainless steel or other 
special metal tubing. 

Most of the power reactors now in operation use ordinary water as 
the circulating medium to receive the heat generated by the reactor, In 
these, the water serves a double purpose—it is also the moderator. By 
using enriched fuel, such a system can afford the small loss of neutrons 
that occurs in the H + n — D reaction, Some reactors omit the secon- 
dary heat exchanger sketched in Fig. 29-6, Steam is then fed directly 
into the turbine from the pressure vessel that contains the reactor. The 
steam and water, however, are somewhat radioactive from fission frag- 
ments that penetrate the metal casing of the fuel rods, Thus, although 
the overall system is simpler, extraordinary precautions must be taken 
with the turbine to guard against the possibility of steam leakage. 

The fuc! rods must be taken out and replaced by new ones every 
year or so, By that time, the U??* content has been appreciably lowered 
and the fuel has become contaminated with fission fragments, some of 
which absorb neutrons, By remote-control handling, the highly radio- 
active old rods are chemically processed. The recovered uranium (with 
its now reduced U??* content) is ready to be made into new rods after 
more U??* is added; some of the U??* will have been converted to Pu??*, 
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Breeder Reactors 


which can be used for fuel enrichment or for bombs; the very radioactive 
fission fragments must be disposed of in some way. 

The disposal of these fission fragments presents a problem that has 
not yet been solved in a really satisfactory way. The used fuel rods are 
stored for months or years before reprocessing, to allow the shortest- 
lived fission products to decay to lower radiation levels. Chemical treat- 
ment then separates out the reusable uranium and plutonium. The 
residue, “hot” in both the radioactive and thermal sense, is at present 
dissolved in water and stored for several years in large underground 
tanks while its radioactivity and temperature gradually decrease. 

In time, all this radioactive liquid must be converted to solid form, as . 
insoluble compounds, or incorporated into insoluble ceramic pellets or 
concrete. It must then be stored for centuries as its radioactivity gradually 
dies down. This will probably eventually all be done in caverns in thick 
beds of salt or gypsum, or in other geological formations in which the 
chances for pollution of groundwater are as nearly zero as possible. 


It is very easy to describe the fuel for the present generation of nuclear 
reactors as natural uranium “enriched by the addition of a few percent 
of U?*°.” But early difficulties in separating U?** from U??? are still 
with us, and the separation is still accomplished by diffusion of UF, 
through porous membranes in great plants that consume enormous 
amounts of power to operate their many pumps and refrigerators. New 
centrifuge designs will no doubt allow these to be replaced by much more 
efficient plants, in which UF, is passed through a series of high-speed 
centrifuges in which the gas at the circumference contains a higher 
proportion of the heavier U??*F,, while the lighter U??5F, is somewhat 
more concentrated near the axis. It is still a costly process—in terms of 
both money and energy—and a ton of uranium metal must still be mined 
and refined to obtain 14 pounds of the fissionable U??5, 

The breeder reactor is designed not only to produce heat for power 
generation, but to create more fuel than it consumes. This is accom- 
plished by the reactions given in Section 7, in which fissionable Pu??? is 
produced from U?3$, The most common isotope of thorium (Th???) 
reacts similarly to neutrons, and produces the fissionable U???: 


soll2 py S gg I (half-life, 22 min) 
so Th??? — B- + g,Pa??? ^ (half-life, 27 days) 
$,Pa?? + f7 + 4,U?9? (half-life, 1.6 x 105 yr). 
Thorium is about three times more plentiful than uranium, and is 


considerably cheaper. The U??? it produces fissions in the same way as 
U?** and Pu???. The operation of breeder reactors can thus actually 
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Fusion Reactors 


manufacture new nuclear fuel from the otherwise useless and relatively 
plentiful supply of both U??? and Th?32, 

In order for a reactor to function as a breeder, the neutrons produced 
in fission must operate on a very tight budget. (1) From each fission, 
on the average, exactly one neutron must of course cause another fission 
to maintain the reaction. (2) Some neutrons will be absorbed by the 
control rods, or escape from the reactor, or will otherwise be lost as far 
as productive reactions are concerned; ‘it will be difficult to make this 
below 0.2 neutron/fission. (3) At least one neutron must be absorbed by 
U?°5 or Th??? to produce another atom of fissionable fuel, to replace 
the one used up in (1). Anything more than this will represent a net gain 
—more fissionable fuel will be reclaimed from the spent fuel rods than 
was put in them when they were made. : 

Since items (1) and (2) are nearly constant, it is apparent that any 
increase in the average number of neutrons per fission will go to increase 
(3) and hence the amount of new fuel produced. Table 29-1 must not 
lead to the conclusion that there is a sudden change in the reaction to be 
expected as the neutron energy increases from the thermal energy range. 
Increased neutron energy makes fission less probable, but increases the 
number of neutrons produced per fission; it also increases the probability 
of producing a new fissionable fuel atom through absorption by U?38 or 
Th?*?. Breeder reactor design calls for a very careful balance among all 
of these factors. 

The few breeder reactors now in use are relatively small, and still 
experimental in nature. Most of them are “fast” breeders, a term that 
refers not to the breeding rate but to their use of fast, more energetic 
neutrons to cause fission, with more neutrons per fission as a result. 
Some are “thermal” breeders, referring to the lower-energy neutrons, 
more effective for Th?32-U??? fuel. These experimental breeder reactors 
will provide much of the design data needed for construction of the 
larger reactors to follow. These will not only produce more fissionable 
fuel than they consume but will operate at higher temperatures to give 
efficiencies of 40 percent or more, the equal of the best coal-, oil-, or 
gas-burning plants now operating. 


Let us refer again to the nuclear binding energy curve of Fig. 28-2. In 
fission the high-A parent nucleus has a relatively low binding energy per 
nucleon; the lower-A fission fragments have a considerably higher 
binding energy. The difference is the energy released by the fission. 
There is another way, evident on the graph, to go from low binding, 
energy per nucleon, to high. If it were possible to take two light nuclei of, 
say, A = 20, and cause them to fuse together to make a single nucleus of 
A. — 40, we would also be going in the proper direction to release energy. 
The A — 20 nuclei have a binding energy of about 8.0 MeV/nucleon. 
In taking them apart into their constituent neutrons and protons we 
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would have to expend 2 x 20 x 8.0 — 320 MeV. When the separate 
nucleons were reassembled into a single nucleus of A = 40, the energy 
released would be about 40 x 8.6 = 344 MeV, to give a net gain of 
344 — 320 — 24 MeV. This is the process called fusion, in which light 
nuclei combine to make a heavier one. 

Inthesunand in all the other stars, nature produces enormous amounts 
of energy from nuclear reactions in which fusion, rather than fission, is 
the energy source. As we will discuss in more detail in Chapter 33, nearly 
all this energy comes from the simplest possible fusion reaction, in 
which four hydrogens combine to form a helium. 

A closer look at Fig. 28-2 will give an idea of the energetic possibliities 
of such fusion reactions. The dot at A = 1 and zero binding energy 
represents the single proton of H, which is bound to no other nucleon. 
Above it at 1.1 MeV/nucleon is deuterium, H? or D; tritium (H? or T) 
is at 2.6 MeV/nucleon. With much more binding energy than any of 
these, at 7.1 MeV/nucleon, to the left of the main curve, is helium, He*. 

In combining 4 hydrogens to make a helium, we thus have a release of 
about 7. MeV/nucleon. In uranium fission there is about 200 MeV/235 
nucleons — less than 1 MeV/nucleon. 4H — He is indeed an energetic 
reaction. 

This is accomplished in a number of steps in the center of the sun 
where the particles are held together at enormous pressure and a 
temperature of about 20,000,000* K.. One place where high pressure and 
multimillion-degree temperatures are available is in the immediate 
vicinity of an exploding nuclear fission bomb. For this reason the so- 
called “hydrogen bomb” (actually, it is rumored, now made largely of 
lithium hydride, LiH) is extremely simple in principle. Essentially, all 
that needs to be done is to surround a fission bomb with a layer of 
material of low atomic number. When the fission bomb explodes, it 
provides an environment in which the light nuclei are forced to come 
together and release still more energy of nuclear fusion. 

Such a procedure, however, is far from satisfactory for operating a 
power plant. Intensive work is being carried out by all countries that 
haye the necessary financial and scientific resources, in an effort to find 
some practical way of maintaining a steady, controllable flow of energy 
from nuclear fusion reactions. 

In fusion experiments in which beams of particles from accelerators 
are directed against light-element targets, the yield of the desired reac- 
tions is very low. The charged particles, such as protons or « particles, 
rapidly lose their energy in the ionization of the target material, and only 


.a very few of them (about 0.01 percent) have a chance to collide with 


another nucleus before having spent their energy in merely tearing off 
atomic electrons. Such experiments are extremely valuable for the study 
of nuclear properties, but are worthless for the purpose of large-scale 
nuclear energy liberation. 

The simple 4H — He reaction used by stars is not at present seriously 
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considered as a source of fusion energy. For a given particle energy, 
probability of a fusion reaction in a H-H collision is very small; it is 
much greater for a deuterium-deuterium (D-D) collision and greater 
still for deuterium-tritium (D-T). These last schemes are therefore 
receiving all the current experimental attention. 

Deuterium is plentiful, cheap, and easy to separate from the common 
H' hydrogen. In all the waters of the oceans, about 1 hydrogen in 6500 
is this H? isotope. If the deuterium in a single cubic meter of water were 
to be put through the D-D fusion process, it would release energy. 
equal to the burning of 2000 barrels of oil. One cubic kilometer of water 
would yield about as much energy as all of the worlds’ known oil 
reserves. With 1.4 x 10° km? of water available to us, this energy source 
will last longer than the world will be habitable. 

Tritium, however, is naturally present in such small quantities that it 
must be artificially produced, Exposing lithium to neutron bombard- 
ment in a reactor does this job: 


n + Li* + He* + T. 

Since lithium is not plentiful, and only.7 lithium atoms in 100 are the 
Li‘ isotope, the T-D reaction can only be expected to buy a century or 
so of time, if it is needed, while the means to use the basic D-D reaction 
is being perfected, 

It is easy to give a compact beam Of deuterons the kinetic energy 
corresponding to millions or billions of degrees; it is a much more 
difficult problem to give them the random heat motions that lead to 
collisions between them. A gas composed of charged particles—in this 
case D* and e —is called plasma; the problem is to confine the hot 
plasma until enough collisions take place to produce a profitable amount 
of nuclear fusion energy. (By “profitable” is meant that more energy 
must be produced than is expended in operating the reactor.) A simple 
material container is out of the question, because the plasma would at 
once be cooled to the temperature of the confining walls. Since charged 
particles are subjected to strong forces when they move rapidly through 
a magnetic field, the most common experimental approach has been to 
confine the plasma by ingeniously designed magnetic fields. The problem 
is a difficult one, though, and has not yet been satisfactorily solved. 
But steady progress is nevertheless being made, and even though the 
goal is still distant, many researchers believe that magnetic field confine- 
ment is the method that will lead to final success. 

But another very different scheme has also been proposed and worked 
on intensively during the past few years. Specially designed lasers are 
already capable of emitting enormous pulses of energy in brief bursts, 
and research is steadily improving their performance. The idea, as 
schematically sketched in Fig. 29-7, is to use fuel in the form of milli- 
meter-sized frozen pellets of deuterium (or deuterium-tritium). As each * 
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FIG.29-7 One experimental method for inducing D-T fusion by laser beams. 


falling pellet reaches the center of a spherical enclosure, a number of 
accurately synchronized laser pulses strike it simultaneously. This causes 
practically instantaneous vaporization; the inertia of the gas keeps it 
from expanding outward as fast as it is formed, with the result that 
high pressures, densities, and temperatures are achieved at the center of 
the pellet. Research in this direction is becoming rapidly more en- 
couraging. Regardless of its success, this method will probably always 
have the disadvantage of being a series of explosions whose energy 
must be absorbed as heat in a surrounding layer, probably of molten 
metal. 

There are very few who doubt that the scientific and technological 
problems of fusion energy will eventually be solved. But a number of 
major breakthroughs are still needed, and it cannot be predicted when 
they will be achiéved. The time needed may be measured in years, in 
decades, in centuries, or millenia. In the meanwhile, the end of our 
petroleum resources lies just over the horizon; U?3? as used in our 
present nuclear reactors might the stretch available time to a century or 
two; the coming generation of breeder reactors will extend our fuel 
supplies of U??* and Th??? for thousands of years. By that time, all but 
the most dedicated pessimists will argue that we will surely be able to 
tap the inexhaustible supply of deuterium, and our energy supply will be 
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(29-3) 


(29-5) 


(29-6) 


(29-7) 


assured forever. We will also be largely relieved of the problem of 
disposing of the radioactive waste products of fission—fusion produces 
only a little tritium, which will be largely reused, and a minimal amount 
of radioactive material caused by the neutron bombardment of the 


. reactor structure itself. 


Questions 


1. Another nuclear fuel, U?33, is produced in breeder reactors. From Fig. 28-2, 
make an estimate of the energy released if a U??? fissioned into two parts in 
the mass ratio of 0.45:0.55. 


- 
2. Breeder reactors produce the fissionable Pu?3?; suppose a. Pu??? fissions 
into two fragments of 32 and 68 percent of its mass. From Fig. 28-2, estimate 
the energy released in this fission. 


3. Assume that (to the nearest integer) the protons and neutrons in the U??3 
divide in the proportion given in Question 1. (a) What are the isotopes initially 
formed by this fission? (b) How many electrons and neutrons would be emitted 
in converting the smaller fragment to the stable 4,Ru!9??? (c) The larger 
fragment into the stable ;;Te7^? 

4. In the Pu fission of Question 2, assume that both protons and neutrons 
divide in the same given ratio (to the closest integer, of course). (a) What are 
the isotopes initially produced by this fission? (b) Into what stable isotope does 
the smaller fragment decay after emitting 3 neutrons and 2 electrons? (c) Into 
what stable isotope does the larger fragment decay after emitting 2 neutrons 
and 2 electrons? 

5. Compare the effects of medium-energy neutrons, such as the majority of 
those emitted in fission, on U??5 and U??*. 

6. Compare the effects of low-energy thermal neutrons on U?35 and U228, 
7. Consider a mouse, and a much larger rat of the same shape. If they are 
equally well insulated by fur, and have the same body temperature, which will 
have to eat more per gram of body weight? Explain why. E 

8. A cubical metal box, each side measuring 4 ft, contains 64 40-watt lamps, 
evenly spaced 1 ft apart. Another similar box, containing 216 equally spaced 
40-watt lamps, is a 6-ft cube made of the same material. (a) Which box will 
have the warmer surface? (b) In the 6-ft cube, with what wattage should we 
replace all the 40-watt lamps, in order to make both boxes have the same 
surface temperature? : 

9. Consider a direct, head-on, perfectly elastic collision between a moving 
particle of mass m and a stationary particle of mass 2m. (a) What fraction of its 
kinetic energy would m lose in this collision? (b) How many such collisions 
would be needed to reduce the KE of m to less than 5 percent of its initial 
value? 

10. same as Question 9, except that the target particle has a mass of 10m. 
11. The operation of specialized mass spectrographs for separating the principal 
isotopes of uranium depends on the difference in the e/m ratios, and use the 
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ions of UF. (a) Which has the larger e/m, U?*5FZ, or U?**F¢? (b) What 
is the ratio of their e/m's? 

12. In the diffusion separation of U?> and U??5, which depends on the 
relative speeds of the molecules involved, the gaseous compound UF, (uranium 
hexafluoride) was used. At any given temperature, (a) which molecules have 
the higher speed, U?*®F, or U?*5F,? (b) What is the ratio of their speeds? 
13. Nuclear bombs are customarily rated in terms of their explosive effect, 
as compared with the chemical explosive TNT. A 1-kiloton bomb liberates 
the same energy as 1000 tons of TNT (= 5 x 10? J). The earliest nuclear 
fission bombs were rated at 20 kilotons. (a) How many ergs of nuclear energy 
were released? (b) How many MeV? (c) How many U?*® or Pu?3?:atoms must 
have fissioned? (d) About how many grams of uranium were actually fissioned 
in a 20-kiloton bomb? (e) About how much mass was actually converted into 
energy? 

14. How long would it take a 1-GW generating plant to produce as much 
energy as a 50-kiloton nuclear bomb? 

15. A generating plant produces an average of 8 GW-hr of electrial energy 
per day, at an efficiency of 32 percent. (a) How much thermal energy must be 
supplied per day? (b) How much heat is dissipated in the cooling water or into 
the atmosphere via cooling towers per day? 

16. Refigure Question 15 for an efficiency of 40 percent. By what fraction 
does this change parts a and b? 


30-1 


The Positron: 


Antielectron 


In the Wy days of nuclear physics, the materials considered necessary 


to make the universe comprised a very short list: electrons, protons, and 
photons. It was still a relatively simple world when the neutron was 
added to this list in 1932. But three years earlier, in 1929, the purely 
theoretical picture had been complicated by a British physicist, P. A. M. 
Dirac (Fig. 30-1), who was busy trying to reconcile the basic prin- 
ciples of the quantum theory with those of Einstein's theory of relativity. 
On the basis of very abstract theoretical considerations, Dirac came to 
the conclusion that in addition to the “ordinary” electrons that revolve 
around atomic nuclei, or fly in beams through TV picture tubes, there 
must also exist an incalculable multitude of “extraordinary” electrons dis- 
tributed uniformly throughout what one usually calls empty space. 
Although, according to Dirac's views, each unit volume of vacuum is 
packed to capacity with these extraordinary electrons, their presence 
escapes any possible experimental detection. The “ordinary” electrons 
studied by physicists and utilized by radio engineers are those few excess 
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FIG.30-1 Dr. P. A. M. Dirac, who conceived the idea that “empty” space is actually 
tightly packed with electrons of negative mass that are inaccessible to any physical 
observation. We can observe an electron only when it is raised into the region of positive 
energy (above, on the right). The removal of an electron from the continuous distribution 
leaves a “hole” (below, on the right), which represents a positive electron. 


particles that cause an overflow of Dirac's ocean of "extraordinary" 
particles (Fig. 30-1, right), and they thus can be observed individually. 
If there is no such overflow, nothing can be observed, and we call the 
space empty. 

In addition to not being individually observable by any physical 
means, these extraordinary electrons possess, according to Dirac, a 
negative mass and accordingly a negative E — m,c^ corresponding to 
their rest mass, and (if they are moving) a negative kinetic energy. The 
minimum energy (either positive or negative) that the electron can have 
is the energy of its rest mass. It is thus impossible for an electron to exist 
between these two levels, as shown in Fig. 30-1. 

Because of their uniform distribution, the extraordinary electrons 
forming Dirac's ocean are invisible to observation, but what happens if 
one of these particles is absent, leaving in its place an empty hole? 
(See Fig. 30-1). This hole in the uniform distribution of particles of 
negative charge and mass represents the lack of a negative charge, which is 
equivalent to the presence of a positive charge, and the lack of a negative 
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mass, which is the same as having our ordinary positive mass. Thus the 
electrical instruments used in our physical laboratories would register 
this hole as a positively charged particle with the same numerical value 
of charge as an ordinary electron, but with the opposite sign, and the 
same ordinary mass as an electron. This is similar to the notion of holes 
in the uniform distribution of electrons in semiconductors, which led to 
a successful explanation of their properties. But, whereas in that case the 
notion of a hole can be readily visualized on the basis of an ordinary pic- 
ture of the electric nature of matter, Dirac's holes belong to a much more 
abstract concept. His infinite ocean of negative-mass, negative-energy 
electrons brings back in a sense something like the discredited “ether” 
but in an entirely new and different way. 

Dirac's paper was not taken too seriously until three years later. 
Then in 1932, an American physicist, Carl Anderson, confirmed by direct 
observation the existence of positively charged electrons corresponding 
to the “holes” predicted by the Dirac theory. These particles, carrying a 
positive charge and a positive mass equal to those of the electron, are 
now well-established, and are called antielectrons or positrons. 

In an attempt to visualize the meaning of Dirac's abstract math- 
ematics, our picture of an infinite sea of negative-mass, negative-energy 
electrons seems ridiculously unreal. But there are measurable effects not 
easily brushed aside. Consider a “real” electron imbedded (as it must be) 
in Dirac's ocean. The electron would repel the negative-mass (but still 
negatively charged) electrons in its vicinity, with the same effect as though 
it were surrounded by a small region of positive charge, and the positive 
region in its turn surrounded by a more negative layer where the negative- 
mass electrons must be pushed somewhat closer together. This phenom- 
enon is called “vacuum polarization" and would have certain measurable 
effects. y 

One of these effects is a very slight distortion of the electron energy 
levels in the hydrogen atom, measured in millionths of an eV. This pre- 
dicted energy difference was accurately measured and confirmed in 1947 
by the English physicists Lamb and Retherford. The magnetic moment 
of an electron would also differ slightly from what it would be in a perfect 
vacuum, and this difference, too, has been accurately measured, in 
confirmation of Dirac's theory. As an additional mark in its favor, the 
theory brings in the concept of electron spin as a necessary outcome. 
Unlike the quantum numbers n, / and m, which appear automatically in 
the solution of Schródinger's equation, the idea of the spin quantum 
number s had previously been an empirical factor added without any 
theoretical justification, in order to explain certain details of spectral 
lines. 

So, in spite of its weird unrealness, we should not be too hasty in 
raising our eyebrows at the idea of Dirac's infinite “ocean.” Perhaps 
it appears ridiculous only because we are trying to picture a model for 
something that is not picturable in everyday terms. 


30-2 
Pair Production 
and Annihilation 


From what has been said, we can conclude that in order to form a posi- 
tron, we have to remove a negative electron from its place in Dirac's 
ocean. When this electron is removed from the uniform distribution of 
negative electric charge, it becomes observable as an ordinary negatively 
charged: particle. Thus the positive and negative electrons always must be 
. formed in pairs. We often call this process the “creation” of an electron 
pair, which is not quite correct because the pairs of electrons are not 
created from nothing but are formed at the expense of the energy spent in 
carrying out the process of their formation. According to Einstein’s 
E = mc^, the energy necessary to produce two electron masses is 
E=2 x 9.11 x 10775 x (3 x 101? = 1.64 x 1076 erg, or 1.02 
MeV. Thus, if we irradiate matter with electromagnetic radiation whose 
photons have this much energy or more, we should be able to induce the 
formation of pairs of positive and negative electrons. The electron pairs 
' discovered by Anderson were produced in atmospheric air, and also in 
metal plates placed in a detecting cloud chamber, by the high-energy 
y radiation associated with the cosmic rays that fall on the earth from 
interstellar space. Figure 30-2 pictures such a pair production. The 
cloud chamber is in a magnetic field that causes the newly born electron 
and positron to curve in opposite directions. 

The opposite of the “creation” of an electron-positron pair is the 
“annihilation” of both the electron and the positron when the pair collide. 
According to Dirac’s picture, the annihilation process occurs when an 
ordinary negative electron, which moves “above the rim" of the com- 


FIG. 30-2 A cloud-chamber photograph of two electron pairs produced in a metal plate 
by a high-energy cosmic ray photon. (Photo by Dr. Carl Anderson, California Institute 
of Technology.) 
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30-3 
Antiprotons and 
Antineutrons ' 


eet 


pletely filled Dirac's ocean, finds a “hole” in the distribution and falls 
into it. In this process the two individual particles disappear, giving rise 
to two photons of y radiation with a total energy equivalent to the 
vanished mass, radiating from the place of encounter. We can readily 
see that two photons are necessary by considering conservation of momen- 
tum. Imagine the mutual annihilation of a slow-moving electron and 
a slow-moving positron, whose total momentum is almost zero. A single 
photon would have a large momentum in one direction; for the photon 
momentum to be zero, there must be two photons in opposite directions 


After the experimental confirmation of Dirac's theory of antielectrons, 
physicists were interested in finding the antiprotons that should be the 
particles of proton mass carrying a negative electric charge, i.e., negative 
protons. Since a proton is 1840 times heavier than an electron, its forma- 
tion would require a correspondingly higher input of energy. It was 
expected that a pair of negative and positive protons should be formed 
when matter is bombarded by atomic projectiles carrying not less than 
4.4 GeV of energy. With this task in mind, the Radiation Laboratory 
of the University of California at Berkeley and the Brookhaven National 
Laboratory on Long Island, New York, started construction of the 
gigantic particle accelerators—Bevatron on the West Coast and Cos- 
matron on the East Coast—that were supposed to speed up atomic 
projectiles to the energies necessary for the proton-pair production. 
The race was won by the West Coast physicists, who announced in 
October, 1955, that they had observed negative protons being ejected 
from targets bombarded by 6.2-GeV atomic projectiles. 

The main difficulty in observing the negative protons formed in the 
bombarded target was that these protons were expected to be accom- 
panied by tens of thousands of other particles also formed during the 
impact. Thus the negative protons had to be filtered out and separated 
from all the other accompanying particles. This was achieved by means 
of a complicated labyrinth formed by magnetic fields, narrow slits, 
etc., through which only the particles possessing the expected properties 
of antiprotons could pass. When the swarm of particles coming from the 
target (located in the bombarding beam of the Bevatron) was passed 
through this labyrinth, the experimentalists were gratified to observe 
the expected particles coming out at a rate of about one every 6 minutes. 
As further tests showed, the particles were genuine negative protons 
formed in the bombarded target by the high-energy Bevatron beam. 
Their mass was found to have a value of 1840 electron masses, which is 
the mass of ordinary positive protons. 

Just as the artificially produced positive electrons are annihilated in 
passing through ordinary matter containing a multitude of ordinary 
negative electrons, negative protons are expected to be annihilated by 
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30-4 
The Elusive 
Neutrino 


encountering positive protons in the atomic nuclei with which they col- 
lide. Since the energy involved in the process of proton-antiproton 
annihilation exceeds, by a factor of almost 2000, the energy involved 
in an electron-antielectron collision, the annihilation process proceeds 
much more violently, resulting in a "star" formed by many ejected 
particles. 

The proof of the existence of negative protons represents an excellent 
example of an experimental verification of a theoretical prediction con- 
cerning properties of matter, even though at the time of its proposal the 
theory may have seemed quite unbelievable. It was followed in the fall 
of 1956 by the discovery of antineutrons, i.e., the particles that stand in 
the same relation to ordinary neutrons as negative protons do to positive 
ones. Since in this case the electric charge is absent, the difference between 
neutrons and antineutrons can be determined only on the basis of their 
mutual annihilation ability. 


Early studies of f decay indicated that there was something wrong with 
the energy balance involved. Alpha particles emitted by a given radio- 
active element carry a definite amount of energy characteristic of the 
particular isotope that emitted them. The cloud-chamber photo of 
Fig. 27-2 on p. 496 shows « particles emitted from a speck of material 
containing two different radioactive elements. Two different ranges for 
the emitted œ particles show quite clearly; some travel to the top of the 
photograph before they come to rest, while the other group, with less 
energy, manages to go less than half this distance. Beta particles (elec- 
trons), however, emitted from a single radioactive isotope, show a wide 
energy spread, from almost zero up to a definite high-energy limit. Since 
(as confirmed by « decay) the energy liberation in a particular nuclear 
decay should be some particular definite amount, it seemed that fj decay 
was violating the principle of conservation of energy. And if this were 
not enough, let us look at the decay of tritium into He?: 


1H? > He? + _je°. 


Not only do the emitted electrons have a wide range of energies but the 
spins of the particles do not add up right. For reasons we will not go into, 
the spins of the H? and the He? are both known to be 4, as is that of the 
electron. If we arrange the spin vectors on the right side of the reaction 
either parallel or antiparallel, they will add up to 1 or to 0, neither of 
which is equal to the 4 on the left side. Since spin is in effect a measure of 


: angular momentum, we see a violation of not only conservation of energy, 


but of conservation of momentum as well! 

Pauli, in 1932, suggested that another undetected particle was emitted 
with the electron, and carried with it the missing energy and spin. The 
basic theory of this undetected particle was worked out in 1936 by Fermi, 
who also gave it the name neutrino, meaning "little neutral" in Italian. 
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Like the photon, the neutrino has zero charge and a zero rest mass, 
so that it can exist only when traveling at the speed of light. The photon, 
however, reacts readily with matter, while the neutrino is very reluctant 
to react at all. The thickest shield is no more effective in stopping- 
neutrinos than a barbed-wire fence is in stopping a swarm of mosquitoes. 
It would take a shield of solid lead many light-years thick to redice a 
neutrino beam to half of its original intensity. 

Although its actual detection was seen to be nearly impossible, the 
neutrino was firmly believed in by almost all physicists. It was much 
more satisfactory to believe in such an invisible ghost than to accept the 
alternative, which was to concede the violation of the principles of 
conservation of energy and momentum.’ 

It was very reassuring when direct experimental evidence of the’ 
neutrino was achieved in 1956. Frederick Reines and Clyde Cowan of the 
Los Alamos Scientific Laboratory designed apparatus as shown in 
Fig. 30-3, to trap these elusive particles. The expected reaction was 


p + neutrino 2 n + e*. 


` The "target" tanks were filled with a solution of cadmium chloride in 


water; in the scintillator tanks was an organic liquid that emits a flash 
of light when it absorbs a photon. Photoelectric cells surrounding the 
tanks detected these flashes. The positron emitted in the reaction is at 
once annihilated with an electron, with the production of two y photons 
of definite energy, and in opposite directions. The neutron is absorbed by 
a cadmium nucleus (recall the cadmium control rods in reactors), which 
then emits y radiation of characteristic energy. Thus, the absorption of a 
neutrino by a proton is marked by a nearly simultaneous emission of this 
group of gamma rays of definite energies. 

The apparatus was placed near a nuclear reactor at the AEC Savannah 


FIG. 30-3 Double-sandwich arrangement of target and scintillator tanks used in 
detecting neutrino reactions. 


Scintillator 
tanks 


Target 
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Not shown is the 
array of photo-electric 
detectors around the 
scintillator tanks 
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Exchange Forces 
and Mesons 


River installation in Georgia. Since the operation of a large reactor and 
the subsequent decay of its fission products includes an enormous 
number of $ rays, it must also emit an equal number of neutrinos. Other 
radiation from the reactor was absorbed by heavy shielding that had 
little effect on the neutrinos. The experimenters were well repaid for 
their efforts when their counters indicated the expected pattern of y rays 
was being emitted at the rate of several per hour. Confirming experiments 
have since been performed with bigger and more elaborate apparatus, 
and the neutrino has now taken its place with the other well-established 


particles, 


The next member to enter the growing family of auxiliary nuclear par- 
ticles was also born as the result of purely theoretical considerations. 
In 1935, a Japanese theoretical physicist, Hidekei Yukawa (known as 
“Headache” Yukawa to students who struggle with his mathematics), 
proposed a new particle that would account for the strong forces 
binding neutrons and protons together in the nucleus. The idea that a 
force between two particles could be explained by the introduction of a 
third particle does not seem to make much sense at first glance. Although 
the mathematical ideas underlying this idea are quite formidable, a 
crude analogy will help emphasize the basic simplicity of the concept. 
If you and a friend stand a few feet apart and throw a heavy medicine 
ball rapidly back and forth, the total effect will be the same as though 
there were a force of repulsion between you. If each of you stood on a 
wheeled platform, you would be quickly pushed apart; as the distance 
between you increased, the time intervals between throwing and catch- 
ing the ball would likewise increase. This would mean that the rate of 
change of momentum, and thus the force between you, would become 
smaller as the distance grew larger. 

A force of attraction is not quite so clearly pictured. However, if you 
imagine yourself grabbing the medicine ball out of your friend's hands, 
and him then grabbing it from yours, and so on, the result will be.a force 
of attraction between you. The repellent and attractive forces described 
above could be termed exchange forces, since they arise from the exchange 
of the medicine ball. 

Yukawa's work gave an answer to the question: How big a medicine 
ball do we need to explain the short-range forces of attraction between 
the nucleons in. a nucleus? Scattering experiments (similar to those of 
Rutherford in his discovery of the nucleus, but with high-energy particles 
of corresponding short de Broglie wavelength) show that the strong 
attractive nuclear forces do not appear unless the bombarding particle is 
within about 1.4 x 107" em from a target nucleus. The hypothetical 
exchange particles would no doubt travel at high speed within the 
nucleus, but still substantially less than the speed of light. Let us suppose 
their speed is something like 2c/3 = 2 x 10'° cm/s. This would require a 
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time of t = d|p = 1.4 x 1079/2 x 101? = 7 x 1074 s for the part- 
icle to travel a distance equal to the range of the force. 

We must now return to the uncertainty principle, which we. have 
used as Ap x Ax = h/2z. The principle can take another form, relating 
uncertainty in energy (or its equivalent mass), and uncertainty in time: 


AE x At = h[2n. 


This can be interpreted as meaning that nature has no objection to a 
violation of mass (or energy) conservation, provided that the violation 
does not last too long. Suppose our exchange particle is suddenly created 
—it must last 7 x 1077^ s if it is to travel a distance equal to the range 
of the nuclear force. Its mass can then be 


27 
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At. 2n x 7 x 10774 


Converting this to grams via E — mc? gives the mass of the exchange 
particle as 


This is roughly about 200 times the mass of an electron. It was Yukawa's 
suggestion that such particles might continually appear and disappear 
within a nucleus to account for the strong binding forces. 

No particle of this approximate mass had ever been observed. But a 
few years later, C. D. Anderson in the United States discovered just such 
particles in cloud-chamber photographs of the results of bombardment 
by the high-energy particles of “cosmic radiation", constantly falling 
on the earth from space. These particles, now called muons, carry one 
electron charge, either + or — (u^ and u^) and have a mass approx- 
imately equal to 207m,. It should be noted that the particles observed by ` 
Anderson were "real," being made from some of the energy of the cosmic- 
radiation protons; Yukawa's particles, made from energy on a very 
short-term loan, cannot be observed outside their nucleus, and are called 
“virtual.” 

It was at once assumed that muons were Yukawa’s predicted particles, 
but further investigation showed this could not be true. The exchange 
particles, in order to exert their forces, must be readily absorbed by 
nucleons. Muons are very reluctantly absorbed—those produced in the 
atmosphere by cosmic radiation penetrate far into the earth, and can © 
still be measured in deep mines and at the bottom of deep lakes. 

The actual particle was discovered in 1947. It is called the pion, and 
has either +1 or — 1 ~lectron charges or may be uncharged (x*, n°, x a). 
Although discovered in the study of cosmic radiation dot they 
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are now produced in large numbers in the targets of the beams of high- 
energy accelerators, and have been thoroughly studied. No one doubts 
that pions are Yukawa's predicted particles, which are primarily re- 
sponsible for the nuclear binding forces. They are unstable, and a 
charged pion decays into a muon and a neutrino: 


z*— utcbv 


The uncharged z^ becomes a pair of y photons. The pion is thus the 
parent of the muon, which is itself unstable and decays into an electron 
and a pair of neutrinos. Figure 30-4 shows this decay scheme of z ^ 
he. 


FIG. 30-4 A series of nuclear events in a photographic emulsion. A cosmic-ray proton 
strikes an atomic nucleus (upper left) and produces a burst of many different fragments. 
One of the fragments, a pion, travels to the right edge, where it decays into a muon and 
a neutrino. (Neutrinos leave no tracks in cloud chambers, emulsions, or any other similar 
devices.) In the lower left corner the muon decays into two neutrinos and an electron 
which then travels to the right. (Photograph by Dr. E. Pickup, National Research Council, 
Ottawa, Canada.) 
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Elementary (?) 
Particles 


Table 30-1 
Anti- Rest Mass in Half-Life of 
Particle particle Electron Masses ' Free Particle 


photon stable 
e-neutrino stable 
p-neutrino stable 
electron stable 


muon u 22x 1076s 
pion 2.6 x 1078s 
neutral pion 18 x 107165 
proton stable 

neutron 715 min 


Table 30-1 tabulates the particles we have encountered so far. 

In the table, only two particles, the photon and the uncharged pion, 
have no antiparticles—alternatively, each of these can be considered to 
be its own antiparticle. The neutrino has expanded into four. Experimen- 
tal evidence has shown neutrinos to be of two types—one involved in 
any decay or reaction that involves an electron; the p-type appears 
whenever a muon is involved. The-decay of a muon into an electron 
therefore requires two neutrinos, one of each type. (There are conserva- 
tion laws that we will not go into, determining whether it is the neutrino 
or the antineutrino that is included in any specific decay or other reac- 
tion.) We are accustomed to thinking of the neutron as a stable particle 
that lasts forever—and this is true when the neutron is tightly bound 
within a nucleus. A free neutron, however, outside a nucleus, decays with 
a half-life of 12 to 17 min. (The determination of this half-life is a very 
difficult experimental job, and it is not yet accurately known.) 


nop +e kk. 


The 16 particles listed in Table 30-1 include the most common and the 
most important, but it is only the beginning. A host of other particles 
have been discovered, measured, and classified: the kaons, or K mesons; 
lambda (A), sigma (£), xi (E), omega (Q) particles, with half-lives near 
107° s; and a growing myriad of very short-lived (about 1072? s) 
particles called resonances. Figure 30-5 shows bubble-chamber tracks of 
some of these. 

It is becoming increasingly difficult to think of all these as being 
“elementary” particles. It is (on a smaller scale) as though we knew 
nothing of atoms, and therefore considered each of the miilions of 
different kinds of molecule as being something fundamental or elementary 
in itself. The way the known particles can be classified into groups in 
terms of various of their properties suggests that these patterns could be 
constructed by only three different and more fundamental particles with 


ss 
š 


[ 
I 
j 
f 
| 
i 


2 EL 

Meer me e nte cs ee setis Tes em eue 
ind 
E dd 
A cese ee ae cnim c cmm 
p LII 
neg crm es Hee onn 

Ao cde pemg ^6 hn cladis e amne garant cu onea e ae 
freer porcine sd Midi d milis aeo em har gone mb Med Bow dw 
aea opes lio a mih reo af ihe othr esque Wo Hue oe 
en cim quetees m cae em diis a engeemane] Me im eunt 
pP damen ui aning end ping ot 


| 


[PI d mmm tee 
sowie T memes ini en c^ gesmine Posee 


n d 
md 


LE ése he amd HE dai Hem e 

e jm ient e nena Made danh à men f aH 

ee ee — semie oe meets ihe 
LII d d tme aper nah 


3121 | 
The Effects of 
Size 


We have seen that the deciding factor for determining critical size in 
nuclear bombs and reactors is the surface/volume ratio. Living organisms 
are likewise. energy-converting machines, and for them too S/V is 
important, as was hinted in Question 7 of Chapter 29. Whether mouse or 
man, an organism produces heat from the work of muscles and from the 
myriad chemical reactions that constantly take place. This heat produc- 


“ tion occurs.throughout the body and is thus roughly proportional to the 


volume—or to the mass—since the density of organic tissues is never far 
from 1 g/cm?. The internally generated heat can only be dissipated 
through the body surface (including the lung surface). For objects of 
about the same shape, volume is proportional to d?—— where d is any 
linear dimension—and surface area is proportional to d°. The S/V ratio 
is thus proportional to d?/d?; or 1/d, as we have seen in Chapter 29. 
This idea can be readily applied to members of the animal kingdom, all 
of whom maintain about the same temperature and have about the same 
density. Hummingbirds, which have a large surface-to-volume ratio, 
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have to metabolize at a terrific rate (a rate, incidentally, that is just 
about the same as the power production per unit weight in a helicopter). 
On the other hand, large animals can be very economical in their inter- 
nal heating system. If an elephant metabolized at the same rate as a 
hummingbird, it would soon be a roasted elephant, since its body tem- 
perature would rise to about that of a kitchen oven. Figure 31-1 graphs 
the metabolic rate for several different animals. 

To maintain a normal body temperature, the tiny shrew with its large 
S/V ratio, must eat several times its weight each day; the elephant, 
enjoying the economy of his large size, is content with a few hundred 
pounds of vegetation, a small fraction, of his weight of several tons. 
Hummingbirds, even without the energy expenditure of flying, would be 
unable to survive without feeding from dark to dawn, if subject to their 
normal daytime heat losses. They therefore go into a state of hibernation 


FIG. 31-1 The relationship between mass and rate of heat production in animals ranging 
in size from hummingbird to elephant. The graph is extended far to the right to include the 
sun. d 
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each night, in which their body temperatures drop to only slightly above 
that of the air, and their rate of metabolic activity is correspondingly 
reduced. = : 

Figure 31-1 also includes the rate of energy production in the sun, 
which amounts to only 1.6 x 10~* cal/(g-hr), averaged over its entire 
interior. 

There are many other aspects of scaling—the comparison of similar 
objects differing in size. Swift, being more interested in social values, 
quite properly ignored the effects of scaling in his stories of Gulliver’s 
Travels. The giant Brobdingnagians, built on the scale of a foot for each 
of Gulliver's inches, would stand 72 feet tall—and yet were of perfectly 
human proportions. 

Let us first consider the size—the thickness, that is—of our own bones 
as they have been determined after millions of years of evolution. As we 
have seen in early chapters, the stresses on bones and joints are enormous. 
It might seem an advantage for the bones to be thicker, heavier, and 
stronger than they are. Imagine an ancient ancestor who had such thicker 
bones, through a chance mutation or an unusual gene combination. The 
added weight and inertia would make him a slower runner and a less 
nimble climber—and the first to be caught and eaten by a pursuing 
carnivore. Conversely, bones thinner than the optimum, although they 
should contribute to greater nimbleness and speed, are also more liable 
to breakage—which leads to the same dismal end. Optimum design, 
whether of man or machine, is always a delicate balance of advantages 
and disadvantages. 

The Brobdingnagian, being 12 times Gulliver's height, would weigh 
(12)? = 1728 times as much. His bones, being 12 times thicker, would 
have a cross-sectional area (12)? — 144 times as large. The stresses in his 
bones would thus be 1728/144 — 12 times as great as Gulliver's. The 
giant might be barely able to stand but any attempt to walk or run or 
bend would bring him crashing down in a tangle of shattered bones. 

In view of these differences resulting from differences in size, should 
we be surprised that a cat and a cougar—about 4 times the size of a cat in 
linear dimensions—should both be able to jump to about the same 
height? Let us compare the work done in contracting the jumping 
muscles of both animals. The cougar's muscles have a cross-sectional 
area (4)? = 16 times that of the cat, and can thus exert a force 16 times 
as great. The shortening of the muscle is proportional to its length and 
is 4 times as much for the cougar. The work done equals Fd, and is 
therefore 16 x 4 — 64 times as much for the cougar as for the cat. And 
since (if the two animals are similar in shape) the cougar weighs (4)? — 64 
times as much as the cat, we have, from 


Fd = mgh 


that ^ must be about the same for both. 
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31-2 
Conduction of 
Nerve impulses 


FIG. 31-2 Electrochemical factors in the transmission of a nerve impulse. 


The transmission of an impulse along a nerve is an electrical phenomenon, 
but very different from the conduction of a wire, and much more com- 
plex. Nerve cells are long cylinders (Fig. 31-2) enclosed by an insulating 
membrane. Within the cylinder, the cytoplasm is an electrolyte—that is, 
a solution containing ions—the extracellular fluid surrounding the 
cylinder is also an electrolyte. Ions of sodium (Na*) and potassium (K+) 
seem to play the principal roles in conduction. The cytoplasm contains 
more K* than the extracellular fluid; contrary to what we might expect, 
most of the Na* ions remain on the outside in the extracellular fluid. 
This is apparently due to the action of an electrochemical sodium pump, 
which ejects Na* ions from the cytoplasm. As seen in the magnifying 
glass in Fig. 31-2A, the ions must be moved against the electric field in 
the membrane to do this. Just what the sodium pump is, and how it 
accomplishes this, is still shrouded in mystery and largely unknown. 
Figure 31-2B shows a pulse traveling down a nerve cell from left to 
right. The pulse can be initiated by an electrical, chemical, thermal, or 
mechanical stimulus; normally it will be electrical, through a complex 
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31-4 
Cardiac 
Pacemakers 


connector called a synapse at the end of the cell, which connects this 
nerve to others. The stimulus causes the membrane to allow a sudden 
surge of Na* ions to pass through it, thereby making the inside of the 
membrane temporarily positive. The sodium pump immediately goes to 
work again to eject the excess Na*, while more Na* passes through the 
membrane on the “downstream” side. In this way, a pulse travels down 
the elongated cell at a speed of about 30 m/s. If this is a motor nerve, the 
impulse passes through another synapse into a contractile muscle cell. 
Here, a similar pulse travels down the muscle cell, causing it to contract 
as it passes. It is indeed fortunate that all this takes place automatically. 
It would be very difficult to play, say, Chopin's “Minute Waltz" if our 
conscious minds had to oversee all this complex detail for every finger 
movement. 


The heart is a marvelous mechanism whose four chambers must pump 
in accurately synchronized sequence for the 2 or 3 billion cycles of opera- 
tion in the average human lifetime. The muscle contractions of the heart 
are controlled by nerve impulses like those described in the last section. 
These impulses, consisting of changes in electric potential traveling along 
the nerves, cause small electric currents to circulate throughout the neigh- 
boring tissues. Passing through the electrical resistance of the skin, these 
currents result in microvolt /R drops that can be measured and recorded. 

The electrocardiograph (ECG) is merely a set of sensitive galvanom- 
eters that measure the cyclically varying potential differences between 
electrodes placed against the skin. After electronic amplification the 
galvanometer responses are generally used to actuate pens moving across 
a moving strip of paper to record these changing potentials. (See Fig. Q16 
in Chapter 8.) 

Although their function is not to control muscles, similar rhythmic 
electric potentials originate in the outer cortex of the brain. Here again, 
these potential differences and their variations are roughly duplicated in a 
changing pattern of potential differences on the scalp. From a group of 
electrodes placed on the scalp the electroencephalograph (EEG) can 
record variations in potential that aid in the diagnosis of brain injuries, 
diseases, or malfunctions. 


The heart, like any other complex machine involving interrelated chem- 
ical, electrical, and mechanical functions, can go wrong in many different 
ways as the result of disease, injury, or deterioration. Some malfunctions 
involve the electrical triggering mechanism that controls the 70 to 80 
cycles/min beat and coordinates the contraction of various parts of the 
heart muscle. 

In normal heart function the controlling pulse of electric potential 
originates in a cluster of specialized cells called the sinoatrial node. With 
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appropriate time delays built in for the various parts of the heart, this 
sinoatrial (SA) node keeps the heart beating steadily at 70.to 80 beats per 
min—unless, of course, exercise, fright, or other stimuli put appropriate 
chemical messengers into the bloodstream that call for a faster rate. This 
is such an important mechanism that it is provided with two backup 
systems. If the SA node fails in its function, a secondary potential 
generator, the atrioventricular (AV) node, normally triggered by the SA 
pulses, takes over independently at a rate of about 50 pulses per minute, 
with reduced coordination between the contractions of the four chambers. 
Failure of the AV node passes the timing duties on to scattered centers 
in the heart muscle; these have but little coordination and result in a 
ragged beat of about 30 per minute—barely enough to keep the organism 
precariously alive. 

Electrical devices (pacemakers) have been developed to apply regularly 
timed potential pulses to the heart to replace a faltering or intermittent 
function of the SA node. The controlled periodic pulse originates in the 
charging of a capacitor (Fig. 31-3). The cycle must start somewhere, so 
imagine the battery has just been connected in the circuit. The device D 
does not now conduct a current, and charge from the battery flows 
through the high resistance R into the plates of the capacitor C. As charge 
accumulates in the capacitor, the potential across it increases steadily 
(V = Q/C), and so does the potential across D. When V reaches a 
certain value, D becomes conducting, and the capacitor charge rapidly 
leaks off through it, dissipating its energy in J*R heat loss in the resis- 
tance S. D again becomes nonconducting and the cycle repeats, with a 
regular period determined by the emf of the battery, the resistance R, 
and the capacitance C. The potential applied by electrodes at the sino- 
atrial node is the capacitor potential, and varies as described, building 
up to a maximum, and then falling quickly to near zero as D becomes 
conducting. This serves very satisfactorily to trigger the proper function- 
ing of the heart. 


FIG. 31-3 Schematic basic circuit of a cardiac pacemaker. 


High resistance 


To sino-atrial node 


Capacitor | C 


554 
Biophysics 


31-5 
Electric Shock: 


The circuitry is much more complex than the bare essentials shown in 
Fig. 31-3. The SA node often continues intermittent functioning; it 
would be most confusing and unsatisfactory if the heart were to reeeive 


"triggering stimuli from both the SA. node and the pacemaker. For this 


reason, the pacemaker period is set longer than the natural period of the 
SA node, so that if the node does fire, it will do so before the pacemaker 
does. If so, an auxiliary circuit picks up the potential pulse of the node, and 
prevents the pacemaker from producing its own. 


Ohm's law applies to organic tissues as well as it does to wires and 
resistors. If you touch the positive and negative terminals of a battery 
with your two hands, a current will flow through your arms and upper 
torso, including the heart. The amount of current, J = V/R, will of 
course depend on the voltage and the resistance of the body between the 
points of contact. Any attempt to calculate the current passing through 
the body is very uncertain due to the uncertainty of the body resistance R. 
We can consider R to be the total of three resistances in series: the internal 


' resistance of the muscles and other tissues, plus the resistances of the two 


patches of skin where the contacts are made. The internal resistance from 
hand to hand to or from hand to foot we can take to be 500 Q or so. 

Skin resistance, however, is very uncertain and depends on the area of 
contact, as well as the dryness or dampness of the skin. For a light finger 
touch with dry skin, the resistance may be a few hundred thousand ohms; 
a hand grasping a wire, 5 x 10* Q if dry, or 10* Q if damp; sweaty hands 
holding a pair of pliers or cutters, 10° Q; a foot immersed in water, 
100 Q. An open cut or broken blister will reduce the skin resistance to 
nearly zero. 

Obviously, for any given voltage, the current may vary over a wide 
range, with widely varying effects. Table 31-1 is a crude and approximate 
summary of effects that are difficult to measure or even estimate for the 
human animal. 

The phenomenon of fibrillation of the heart is worth some additional 
comment. If the shock current, usually fluctuating in both location and 
intensity, is intense enough, it initiates thousands of false impulses along 


TABLE 31-1 


| 0.001 A = 1 mA Barely felt 
0.01 A — 10 mA Painful shock 
0.02 A — 20 mA Muscle contraction; breathing difficult 


0.05 A — 50 mA Breathing stopped 

0.1 A = 100 mA Cardiac fibrillation —FATAL 

0.2 to a few A Cardiac paralysis—usually not fatal 
A few amperes Tissue burning 
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the nerves controlling the heartbeat. Any signals from the SA or AV 
nodes are lost in the resulting chaos, so that the many parts of the heart 
continue to contract and relax with irregular periods totally without 
coordination. No blood is pumped, and death follows within a few 
minutes. But if the shock current is larger, it puts the entire heart in a 
state of steady contraction. When this paralyzing current is interrupted 
before damage is done, the controlling nodes can pick up their rhythmic 
signals, and regular beating is often resumed, even without efforts at 
resuscitation. hs 

Fibrillation may result from peculiar heart malfunction, without the 
stimulus of electric shock. The defibrillator, so beloved of TV writers for 
the many medical shows, sends a measured surge of current for a pre- 
determined time, between two electrodes placed on either side of the chest. 
This, like a severe accidental shock, contracts the entire heart to wash 
out the chaotic signals, and allows the SA node to resume its rhythmic 
direction of the heart's activity. 


Although large amounts of radiation are invariably harmful to any 
living organism, smaller amounts, if carefully controlled and adminis- 
tered, will do no perceptible damage. This fact has made it possible for 
biophysicists and biochemists to use certain radioactive isotopes de- 
liberately in many kinds of biological research. 

The. radioactive isotope ;31'** (half-life, 8 days), for example, is 
absorbed more strongly by the thyroid gland than by other tissues. 
Because I!?! decays by f emission, shortly after a patient has received 
a dose of it, sensitive detectors of the emitted electrons can accurately 
show the size and location of the hidden gland. Continuing observations 
of the radiation can supply important information about the thyroid's 
activity and functioning. 

This same isotope of iodine (as well as a few others) has also proved 
useful in the diagnosis of otherwise almost inaccessible brain tumours. 
It is incorporated into the complex molecules of certain organic dyes 
that are absorbed much more strongly by the tumor tissues than by 
normal tissue. Observation of the emitted radiation can then give the 
radiologist a good idea of the size and location of the tumor. 

Besides these and many other biological applications, tracers find many 
industrial uses. As an example, a small amount of a radioactive isotope 
of iron may be incorporated in the steel of a bearing to be tested. After 
a period of running, the lubricating oil can be checked for radioactivity 
caused by a microscopic wearing away of the steel bearing. Tests of 
this sort are very delicate and accurate. 


The medical profession has always been quick to seize on discoveries 
in the physical sciences and turn them to the personal advantage of 
mankind. Within months of the discovery of X rays, physicians were 
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utilizing them in examination and diagnosis. The use of X-ray photo- 
graphs to show internal bone structure is now so commonplace that they 
scarcely require mention. Bones absorb the X rays much more than do 
the soft skin and muscle tissue, and thus throw a shadow of their outline 
on the film. Different kinds of soft tissues absorb X rays differently, and 
X-ray pictures showing some soft-tissue detail can be made, if a less 
penetrating longer-wavelength radiation is used. 

The ability of a material to absorb X rays depends very strongly on 
the atomic number of the material, the absorption being greater for 
higher atomic numbers. For example, muscle tissue is composed mostly 
of oxygen, carbon, and hydrogen, with smaller amounts of nitrogen and 
other elements. All these elements have atomic numbers that are low, 
and X rays and y rays penetrate muscle and other soft tissues with 
comparatively small absorption. Bones, however, although they contain 
appreciable amounts of water, are composed largely of calcium phos- 
phate, Ca;(PO,),. Both Ca and P have higher atomic numbers (20 
and 15), and for this reason bone absorbs X rays much more strongly 
than soft tissue does. 

In order to see, by X rays, the outline or the functioning of the stomach 
or intestines, the doctor customarily induces his patient to drink a con- 
coction containing barium sulfate (BaSO,), which is relatively opaque 
to X rays because of the high atomic number of barium. 

By causing several beams of X rays to converge on a malignant 
growth, it is possible to kill undesirable tissues without causing fatal 
damage to surrounding normal material. Similar irradiation of tumors 
may be secured by introducing thin hollow gold needles filled with radon 


- gas. The radon quickly decays through several steps to 44Bi?'*, which 


emits high-energy (1.8 MeV) y rays (called “hard” radiation), the effect 
of which in ionizing tissue is similar to that of X rays. 

Increasing use is being made of y-emitting isotopes, particularly Co99. 
This cobalt isotope is formed from common Co??*, placed in a nuclear 
reactor where it is converted by neutron bombardment: 


Co? + n > Co9?, 


Cobalt-60 decays into NiS? + 8^ + 2y. The f electrons are easily 
filtered out, and the y photons each have an energy of more than 1 MeV, 
corresponding to hard X rays from a very high-voltage tube. The cobalt 
is kept in a heavy lead container; a hole opened in its wall allows a beam 
to escape. Its uses are similar to those of X rays. 


The inevitably growing number of nuclear reactor installations for 
producing electric power has focused public attention on the possible 
effects of radiation. There can be no argument that y, f, or æ radiation 
can harm any living organism. All radiation produces a certain amount 
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with how extensive this damage might be expected to be. 
In considering radiation damage to a living organism, we should dis- 
tinguish between two types of damage: 


1. Pathological damage to the organism exposed to the radiation, which 
might lead to irreparable damage or death of the organism. 

2. Genetic damage to the reproductive organs that might not seriously affect 
the organism itself, but could do harm to successive generations. 


For any measure of the effect of radiations, there must be a basis for 
measuring the radiation itself. The original unit for this measure is the— 
roentgen, named for the discoverer of X-rays. One roentgen is the amount 
of X-ray or.y radiation which will ionize dry air to the extent that 1 esu 
of both electrons and positive ions are produced per cubic centimeter. 
Another unit of somewhat broader application is the rad; it is applied 
to the effects of both electromagnetic radiation and particle radiation. 
A biological tissue (or any other material) receiving a dose of 1 rad has 
absorbed 100 ergs of energy per gram from the radiation. 

Unfortunately, the damage to human tissue cannot be satisfactorily 
measured merely by the energy it has absorbed. Gamma- or X-rays are 
very penetrating. Their ionizing effects are likely to be widely separated 
in different cells, so that the body has a good chance to repair the damage. 
Electrons are also penetrating, and the effect of f-radiation is similar to 
that of X-rays. The more massive protons are more effective ionizers 
than electrons, so their ionizing effects are more closely bunched together, 
and this more localized damage to cells is not so readily repaired. Neu-— 
trons do little direct ionizing themselves, but a neutron may be absorbed 
into an atomic nucleus, converting it into a radioactive species that will 

* cause ionization as it decays. If not absorbed in this way, its own spon- 
taneous decay n — p + e releases about 0.8 MeV as kinetic energy. 
Alpha particles are the most damaging of all if they reach susceptible 
tissues. The relative effectiveness of different radiations is measured by 
their relative biological effectiveness (RBE), which can be very roughly 


tabulated; 
X- and y-rays RBE = 1 
electrons 1 
protons 5 
neutrons 5 
«-particles 20. 


These RBE figures cannot be taken as being any more than approx- 
imate estimates, as a great deal depends on how and where the body 
receives the radiation. The most dangerous source of fi-radiation, for 
example, is probably strontium-90. This is one of the most plentiful of 
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' closely safeguarded. It emits 5 MeV a-particles, and its selective absorp- 


` manufactured, makes it one of the most deadly of poisons. 


the fragments produced in the fission of uranium, thorium or plutoniurn, 
and emits 0.5 MeV electrons. It is in the same bivalent group II as. 
calcium, and can take the place of calcium in food and milk derived from 
contaminated soil, and through them be absorbed into the body. Here it qi 
readily substitutes for the calcium in bone, and with its 28-year half-life, . 
can damage the bone-marrow that produces red blood-cells. Fortunately, | 
now that France and China are the only nations still conducting atmos- | 
pheric testing of. nuclear bombs, the danger of Sr ?? in radioactive fallout 
is steadily lessening. 

Alpha particles earn their high RBE only if they reach susceptible 
tissue. Their penetration is very short-range and nearly all are stopped 
by the outer layers of the skin, which rapidly flakes off normally. Al- 
though external a-radiation thus does little damage, some «-emitters can - 
be very dangerous if absorbed internally in food, drink or air. For this 
reason Pu???, with its increasing prevalence as a nuclear fuel, must be 


tion and retention in bone marrow, where red blood corpuscles are 


` To get a more realistic measure of radiation dosage than the roentgen © 
or the rad, researchers have taken into account the fact that it takes, on _ 
the average, less energy to ionize biological tissues than molecules of air 
and also the relative biological effectiveness of different types of radiation 
From this comes the unit called the rem (roentgen equivalent, man), and 
the millirem (1 mrem = 107? rem). 

Pathological damage to individuals requires large radiation doses that 
could be expected only in nuclear warfare, or in the immediate vicinity | 
of a catastrophic accident in nuclear industry or research. A single dose 
to the whole body of 800 rem, more or less, is lethal; one of 100 rem may | 
produce leukemia or cancer, with eventual death. It should be noted that 
the same amount of radiation'spread over a lifetime would have effects © 
much less drastic. 

Genetic effects are probably of more importance. Radiation damage 
to sperm or ova, and to the cells that produce them, causes hereditary 
mutations, or abnormalities in the progeny. Mutations, except for per- 
haps one in many millions, are admittedly harmful, and, since they are 
passed down from generation to generation by the hereditary mechanism, | 
they will lead sooner or later to the death of one of the descendants. Thus, 
while in the process of Darwinian evolution, which was based on the 
struggle for existence and survival of the fittest, the few beneficial muta- 
tions led to a slow improvement of the species, in a balanced human 
society where the life of each individual is carefully preserved, mutations 
are overwhelmingly likely to be harmful. Many mutations are of course 
recessive—that is, they have no visible effect until perhaps many genera- 
tions later, when a defective chromosome in the ovum is paired with a 

similar defect in a sperm cell, E 
' Genetic effects are difficult to measure, even approximately. Nearly | 
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the only data available are from the survivors of the Hiroshima and 
Nagasaki bombings, and from small experimental animals. Man's 
generations are so long that centuries must pass before much dependable 
data are available from the human bombing survivors; extrapolation 
from rats to man is subject to unknown effects of scaling, biological 
differences, and other unknown effects that contribute to its unreliability. 


Radiation damage is not a new thing that our modern technologies have 
only recently added to the list of hazards of living. We, like our prenuclear 
ancestors, are constantly bombarded from many natural sources. These 
include cosmic radiation, 40 mrem/yr at sea level plus 1 mrem/yr for each 
100 ft of elevation; radiation from the uranium, thorium, and K^* in 
the rock and soil beneath us, 15 mrem/yr; from the water we drink, the 
food we eat, and the air we breathe, 30 mrem/yr; and from the stone and 
plaster and wood of the houses we live in, about 50 mrem/yr. To this you 
can add another 1 mrem for each 1500 miles of jet plane flight; 100 mrem 
fora chest X ray; 20 mrem for a dental X ray; and up to 2000 mrem for a 
gastrointestinal X ray. The United States average is about 200 mrem/yr. 

As a matter to be put in proper perspective, a person living à mile 
from a nuclear plant, for 24 hr/day, would receive an added dosage of 
0,5 mrem/yr. At a distance of 5 miles or more the effect is not measurable. 


* About 1.2 x 1074 of all potassium consists of the radioactive isotope K*°, a B emitter 
with a half-life of 1.4 x 10? y. 


32-1 à 
The Structure of 
the Atmosphere 


We live immersed in an ocean of air on which our lives depend. This 
dependence goes beyond the mere existence of the atmosphere—without 
its ceaseless physical and chemical activities, the world would be largely, 
if not completely, uninhabitable. 

Figure 32-1 gives a general indication of the temperature and density 
of the atmosphere as they vary with altitude in the earth's temperate 
regions. The density curve( blue line, scale at the top) seems quite reason- 
able. We should expect the pressure and accordingly the density to 
decrease steadily with altitude, as it does. 

The temperature curve, however (black line, bottom scale), shows 
some curious changes. In the troposphere—the lowest 12 km or so— 
there is a steady fall in temperature with increasing altitude. This, too, 
seems reasonable. Imagine a cubic meter, say, of air at sea level. If we 
raise this to the lower pressure of a higher altitude, it will expand; in 
expanding it must do work against the surrounding atmosphere, and 
hence will have less energy per molecule and a correspondingly lower 
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‘ FIG. 32-1 Density and temperature of the earth's atmosphere at high altitudes. 


T 


562 
Geophysics 


temperature. If the actual temperature accurately followed the curve we 
could calculate for this expansion, the troposphere would be perfectly 
stable, with no part of it having any tendency either to rise or to sink 
in its surroundings. Fortunately, this is generally not the case. 

The maximum intensity of the sun’s radiation is in the visible part of 
the spectrum. Air is nearly transparent to this radiation, so that little of 
its energy is absorbed and little heating of the air results from it. The 
ground, however, absorbs much of the solar radiant energy and is warmed 
by it; the ground in turn warms the air near the surface. This warmed air 
expands, becomes less dense, and rises, to be replaced by cooler air from 
above it. In this way, there is a convective circulation normally taking 
place throughout the troposphere. 

What the meteorologist calls a temperature inversion occurs when the 
ground is cooler than the air above it, so that this convective circulation 
does not take place. This is often the situation when the ground is snow- 


- covered. Without convection currents to lift the air and carry it away, 


automobile exhaust fumes, chimney smoke, and other atmospheric 
pollutants linger near the surface in a stagnant layer. 

Above the troposphere is the stratosphere, extending from 12 to 50 km, 
in which the temperature actually rises with increasing altitude. Since the 
warmer air is already on top, there is little or no convection to cause any 
vertical motion in this layer. Apparently, the situation is different here, 
with a source of heat at the top of the region. This source is a concentra- 
tion of ozone (04), composed of three oxygen atoms rather than the 
common diatomic oxygen molecule (O;). Ozone strongly absorbs 
ultraviolet radiation of A = 2000 to 3000 A. In this high-altitude atmos- 
phere, the O; molecule is split into two atoms by absorbing radiation of 
4 = 2000 À or less; an atom can then collide with an unbroken molecule 
to form ozone: O + O, > O}. 

The energy absorbed by this ozone layer also heats the mesosphere 
from the bottom, so it behaves like the troposphere. The temperature 
falls, as we should expect, with increasing altitude, and there is also some 
convective circulation up to a height of about 80 km. 

At this altitude the ionosphere begins, and the temperature again rises. 
The temperature graph cannot be taken literally here—about all that 
can be said is that the temperature rises with increasing altitude. Ordinary 
thermometers are useless in air of such low density. Near the ground our 
instruments and bodies receive about 10^5 molecular impacts per square 
centimeter each second, and a thermometer reaches the temperature of 
its Surroundings in a few minutes. At a height of 220 km, air density is 
only a billionth as great as at sea level, there are only a billionth as many 
impacts, and heat transference to or from a satellite or a thermometer 
from this source is completely negligible. The temperature of any 
material object is determined only by a balance between the radiation it 
receives from the sun, and its own radiation into space. Heat comes, as at 
lower atmospheric levels, from absorption of UV by O, — 20. But there 
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is little ozone in these upper levels. With the atoms or molecules 1000 
times farther apart then they are at sea level, there are very few collisions 
to allow for their recombination. - 

As we have seen, the upper atmosphere's absorption of short-wave- 
length radiation plays an important part in determining the temperature 
of the atmosphere and in protecting us from the harmful effects of the 
short and energetic ultraviolet, The infrared is also of great importance 
to the heat balance at the earth's surface but it works in the opposite 
direction. If the earth is to maintain the same average temperature century 
after century, it must radiate into space as much energy as it receives 
from the sun. The earth, however, radiates at a temperature of about 
300°K rather than the sun's 6000°K. Let us refer back to Wien’s law, 
which says that 4,,, is inversely proportional to the absolute temperature 
of the radiating body. The most intense wavelength from the sun is about 
5500 À, so we have 


Amax(earth) _ 6000 , p 
pare dene ne Amax(earth) = 110,000 A. 


Such long infrared waves are strongly absorbed by both CO,, com- 
posing about 3 x 1074 of the air in the troposphere, and water (H,0), 
also confined almost entirely to the troposphere, varying from nearly 
zero to about 4 percent. Thus much of earth’s radiation is absorbed by 
the atmsophere, which then reradiates it, part out into the cold of space, 
and part back to the earth. The atmosphere, particularly if humid or 
cloudy, acts in this way as an insulating and radiating blanket to reduce 
the net heat loss from the surface at night. This is the greenhouse effect, 
so called because the glass of a greenhouse, like the atmosphere, is 
transparent to the short waves from sunlight, and opaque to the long 
waves reradiated from the warm interior. The heat is trapped inside, and 
the greenhouse may be even more than comfortably warm on a bright 
winter day, without ‘any artificial heating. Most of us are more familiar 
with the same effect in a closed car in winter sunshine. We notice, too, 
that nights stay warm when humidity is high; in desert air, there is a 
sharp and extreme drop in temperature when the sun sets, due to the 
transparency of the dry air to the earth’s infrared radiation. 


All our winds, all our storms, and the atmospheric transport of heat 
energy and moisture, take place in the troposphere. The thickness of the 
troposphere varies with latitude and with seasonal changes, but we can 
take eight miles as a fair average. This is ygog of the earth's diameter. 
We can better visualize its scale if we imagine it to be on a desk-model 
globe of the earth, 10 inches in diameter. On this, we could represent the 
troposphere by a single coat of varnish, 155 inch thick. 

Without air circulation in this thin layer, most of the earth's surface 


FIG. 32-2 Origin of the fictitious Coriolis force, causing deflection of winds blowing: 
over the surface of the rotating earth. 


would be either uninhabitably hot or uninhabitably cold. Figure 32-2A 
“sketches (on a very exaggerated vertical scale) the simplified main 
features of the north-south air circulation pattern. 

` The main driving force for this circulation is of course the heating 
of the air by the warm land and water in the equatorial region. This air 
continually rises and spreads out to the north and south in the upper 
troposphere. As this warmer air cools, it sinks downward again in the 
vicinity of 30° latitude. The zone of sinking is very vaguely located, and is 
subject to considerable fluctuation and seasonal variation. The second 
circulation loop at higher latitude is even more irregular and uncertain, 
and the polar circulation, as shown in the drawing, often does not exist 
in any definite form. à 

Nevertheless, if the earth did not rotate, we should find winds blowing — 
directly toward the equator in the lower latitudes, and winds blowing 
toward the poles in the higher latitudes of the temperate zone. These 
winds are shown as black arrows in Fig. 32-2A. The earth does rotate, 
however, and the effect of the rotation is shown by the red arrows in the 
drawing. If, at any latitude, we face in the direction toward which the 
wind is blowing, it is deflected to the right in the northern hemisphere, 
and to the left in the southern hemisphere. Thus, from the equator to 
latitude 30°+, the wind blows from the east; from 30°+ to 60°+, it is 
from the west. 
To see why this should be, let us consider a sample of air rotating 
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with the earth at about 30^ latitude—i.e., it is stationary on the earth's 

surface. If we take the radius of the earth to be 4000: mi, the radius of the 
circle in which a spot at 30° latitude moves is 4000 cos 30°; at 1 rev /24hr, 
its speed is 2x x 4000 cos 30°/24 = 907 mi/hr. In Fig. 32-2B the black 
vector indicates the velocity of the earth; the red vector, the velocity of 
the air at this point. Now, let us completely ignore all friction and move 
our air sample northward to 60° latitude. The air still retains its easterly 
momentum, and is therefore Still moving toward the east at 907 mi/hr. 

The earth beneath it, however, now has an easterly speed of only 27 x 

4000 cos 60°/24 = 524 mi/hr. From the point of view of the local in- 
habitants, the air is a west wind, moving toward the east at 907 — 524 = 
383 mi/hr.Phis deflection to the right, converting a south wind into a 
west wind, is shown by the curved red arrow in F; ig. 32-2A. We can pursue 
the same argument for the other zones, as shown in the drawing. Friction 
does of course play an important part in air movement, but the direction 
of deflection remains qualitatively the same. 

We have looked at this from the point of view of a stationary outsider, 
watching the earth and its winds move beneath us. If we want to refer 
these deflections to our more normal position, with an accelerated frame 
of reference attached to the rotating earth, we can explain these de- 
flections by inventing another fictitious force (as we did earlier for 
centrifugal force). This is the Coriolis force, named for a nineteenth- 
century French scientist, which depends on the angular velocity of the 
rotating reference, and on the velocity of the moving body relative to it/ 
We will not attempt to deal with it quantitatively. 1 


Unfortunately for the meteorologist, the flow of air over the earth's 
surface is not as smooth and regular as our oversimplified model might 
imply. There are many irregularities caused by the difference between 
the temperatures of water and land, large recently heated or cooled areas 
on the continents, mountain ranges, and so on. The flow of air might . 
better be compared with the flow of water in a rocky stream, full of 
unpredictable swirling eddies, some large and some small. 

A common type of atmospheric eddy is seen on weather maps, AME is 
responsible for most of the day-to-day changes in our weather. These 
eddies are the circulation patterns around the “lows” and “highs” that 
(in the temperate zones) progress across the maps from west to east, with 
the prevailing winds. Figure 32-3 shows the circulation of air around 
these low-pressure and high-pressure areas as they occur in the northern 
hemisphere. Surrounding air moves toward the low pressure, and as it 
moves, it is deflected to the right by the Coriolis force. The result is a 
general counterclockwise rotation several hundred miles in diameter, - 
called a cyclone by meteorologists. Around a region of high pressure, the 
air movement is away from it, and the Coriolis deflection causes a clock- 
wise rotation called an anticyclone. In the southern hemisphere where 
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Counterclockwise circulation Clockwise circulation 
around low pressure around high pressure 


FIG. 32-3 Coriolis deflection as the cause of the circulation of air around centers of low 
and high pressure. 


moving air is deflected to the left, these directions of rotation are of course 
reversed. 


"Weather" is so common that we seldom have any appreciation of the 
enormous energies involved. Air seems so light and insubstantial that 
the word “airy” is a synonym for these properties. At sea level, 1 cm? of 
air has a mass of only 1.2 mg, which is little enough. On a larger scale 
lm? = 10° cm’, to give it a mass of 1.2 kg. For a cubic kilometer, which 
contains 10? m?, the mass is 1.2 million metric tons. A cubic mile, which 
we can perhaps visualize more easily, weighs 5.5 million of our ordinary 
2000-Ib tons. These are masses that have enormous kinetic energies when 
moving as wind. 

We are accustomed to being awestruck at the unbelievable energy 
released in the explosion of a nuclear bomb. Let us use this as an energy 
unit—a 20-kiloton bomb releases the energy of 20,000 tons of TNT, or 
about 10! joules. It has been estimated that at any moment, the kinetic 
energy of the many winds blowing all over the earth is equivalent to 
that of about 7 million of these nuclear bombs. 

On a somewhat more modest scale, consider a gentle summer local 
rainstorm that drops 1 inch of rain on a small area only 10 miles square. 
This amount of water can be easily figured: 


2 5 2 
100 mi? x 1inch x EU eem) cnm = 6.5 x 10! cm?. 
1 mi 1 km linch 
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This water has a mass of 6.5 x 10'? g or 6.5 x 10° kg. In condensing 
from water vapor into raindrops, the latent heat of vaporization is 
released into the atmosphere. This amounts to 


540cal 4.18 J 


65x 10! ¢ x — — y —- — L5 x I0!6 J, 
cal 


We should also calculate the potential energy of'the water droplets, 
formed at an average altitude that we can assume to be 1000 m. This is’ 
all converted into heat, through air friction as the raindrops fall. For this, 


98N 
kg 


mgh — 6.5 x 10? kg x x 1000 m = 6.4 x 10!? J. 


This is only a few thousandths of the heat of vaporization, so we can 
justifiably ignore it. In terms of our nuclear bomb units, this modest 
summer shower releases atmospheric energy equivalent to 


L5 x 10% = 150 nuclear bombs. 

10'* 
It is less damaging only because the energy is released over several hours, 
rather than a few microseconds. 

The devastation of hurricanes is well-known. They are similar to the 
ordinarily gentle cyclones circulating about a low-pressure region, but 
are much more energetic and generally concentrated in a smaller area. 
The source of their energy is the release of heat of vaporization. They 
always form around a region of low pressure located over the ocean. 
The inflowing air is laden with water vapor from its travel over the warm 
waters; its condensation as it rises and cools brings torrential rains. 
The air surrounding the central low has the normal counterclockwise 
rotation and corresponding angular momentum. Like the spinning girl 
in Fig, 5-9, conservation of angular momentum increases the angular, 
as well as the translational, velocity of the moving air as it approaches 
the center of the hurricane. Winds of 100 to 150 mi/hr, accompanied by 
deluges of rain, can cause enormous damage if these whirling storms pass 
over inhabited land. The rate of energy release of a well-developed 
hurricane may be equivalent to the explosion of 10 nuclear bombs per 


minute. 


As deep mines and oil wells penetrate for as much as a few miles into the 
earth, the temperature of the rock steadily rises. In different locations, 
this temperature increase ranges from less than 10°C/km to more than 
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50°C/km, for an average value near 30°C/km. This rate of increase cannot 
continue very deeply. If it did, we would arrive at a temperature of about 
200,000°C at the earth’s center, and the outward conduction of heat 
would raise the surface temperature to a point at which life would not be 
possible. The general concensus is that the earth's central temperature is 
only a few thousand degrees. 

The source of this internal heat almest certainly comes largely from 
the decay of radioactive elements concentrated in the relatively light 

-rocks of the earth's outer crust. A ton of ordinary granite contains about 
9 g of uranium and 20 g of thorium, whose decay over the ages provides 
a large and steady source of heat. The deeper, denser rock under the 
crust must contain much less radioactivity than this; otherwise the 
surface temperature would be a great deal higher than it is, 

In many places, often in the neighborhood of present or recent 
volcanic activity, the subsurface heat is abnormally high and close to the 
surface. In Iceland, Italy, New Zealand, and California, wells drilled into 
these hot rocks have yielded steam or hot water that has been used for 
heating and power generation. More of these geothermal heat sources 
will no doubt be tapped in the future, although locations that provide 
water or steam hot enough and pure enough to be used in efficient power 
generation are probably very rare. 


Deep oil wells penetrate only a few of the 4000 miles between us and the 
center of the earth. To get more information about the earth’s interior, 
we must rely on a less direct approach. 

Destructive as they are, earthquakes are of great help to scientists in 
their study of the interior of our globe, since earthquake waves originat- 
ing in some point of the earth's crust propagate to other points on the 
surface of the globe through its deep interior. As we have seen earlier, 
there are two kinds of waves that propagate through a continuous 
medium: 


1. P waves (pressure or push waves) are longitudinal waves that can propagate 
equally well through a solid and through a fluid medium. 

2. S waves (shear or side waves) are transverse waves that can propagate 
through solids but not through liquids. 


When an earthquake wave from a distant disturbance arrives at the 
surface of the earth, the motion of the ground in the case of P waves will 
be in the direction of propagation, while in the case of S waves the motion 
will be perpendicular to it. This permits us to distinguish between 
P and S waves by registering the movements of the ground by means of 
a very sensitive instrument known as a seismograph. 

Seismographs are based on the principle of inertia, according to which 
each body at rest tends to preserve its state of rest. A simple seismograph, 
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FIG. 32-4 Schematic diagram of a simple seismograph. A massive weight A is suspended 
from a vertical support B. C is a rotating cylinder driven by a clock mechanism E; Disa 
pen that marks the rotating cylinder as earth vibrations move it back and forth beneath 
the nearly stationary mass A. > 


1 known as the horizontal pendulum, is shown in Fig. 32-4 and consists 
| essentially of a heavy weight A that can move with very little friction 
around the vertical support B. If the ground on which this instrument is 
installed is jerked by an earthquake wave in a direction perpendicular to 
the vertical plane passing through the support and the weight, the weight 
remains immovable because of its large inertia, and the displacement of 
the stand relative to the resting weight is registered on the rotating drum 
C. (A system of levers to magnify the relative motion between mass A 
and drum D is not included on the drawing). Two such instruments 
installed at right angles to each other give complete information about 
the horizontal displacements produced by the earthquake wave, and 
there are also seismographs that register the vertical displacements. 
The seismograms produced by these instruments permit us to carry out a 
complete analysis of the arriving disturbance. 
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FIG. 32-5 The lines of propagation of an earthquake disturbance originating at a point 
near the top of the mantle. 


Let us consider now what would be observed by seismic stations scat- 
tered all over the world when a sufficiently strong earthquake originates 
in some point of the earth's crust. Figure 32-5 shows the propagation lines 
of the disturbance originating beneath point A. At stations I, II, and III, 
located within 100* from the center of the disturbance, both P and 
S waves are observed, which proves that the material of the earth pos- 
sesses the property of an elastic solid (capable of transmitting a shear) 
up to very great depths. Although these rocks are at temperatures well 
above what their melting points are on the surface, great pressure gives 
them a rigidity greater than steel in the transmission of seismic vibrations. 

Beyond station III, about 100° from the earthquake origin, there is a 
ring-shaped zone extending to station IV, about 145° from the earth- 
quake, in which neither S nor P waves can be felt. In the circular cap 
some 35° in radius directly opposite the earthquake, whose circumference 
passes through station IV, only the longitudinal P waves are received. 
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To explain this, seismologists have concluded that the central portion 
of the earth is occupied by a liquid core that cannot transmit the trans- 
verse S waves. With this assumption, the existence of the shadow zones 
can be easily understood by inspecting the rays of earthquake waves 
shown in Fig, 32-5. Due to a rapid increase of pressure and density with 
depth, the velocity of seismic waves (both P and S) also increases and 
causes the propagation lines to bend slightly toward the surface. Thus 
the waves arriving at station III, after passing very close to the surface 
of the fluid core, are the last ones that still propagate all the way through 
the plastic material of the rocky mantle. The rays that propagate deeper 
inward will hit the surface of the core, and while S waves will not be 
able to propagate beyond this point at all, P waves will be refracted as 
shown. After the second refraction at the exit point from the liquid core, 
the P waves will finally arrive at the surface much closer to the antipodal 
point and thus produce a ring-shaped shadow zone.’ 

Detailed analysis of the transmission of earthquake waves and calcula- 
tion of their velocities at different depths has led to the conclusion that 
the earth has an onion-like structure consisting of a number of concentric 
shells of differing properties. 

The outermost of these is the crust, whose foundation is a layer of the 
dense, dark-colored rock basalt. Floating on the basalt layer, the con- 
tinents are made of the lighter granite and sedimentary rocks. The thick- 
ness of the crust varies from 3 to 5 miles beneath the ocean basins, to 
20 to 30 miles beneath the continents. Below the crust, the next 1800 
miles is the mantle; within this are the liquid core and the solid inner core. 


The material of which the mantle is made is thought to be similar to 
that of the basalt underlying the crust. The great heat and pressure deep 
in the earth, however, have perhaps changed its crystal structure to give 
it the property of plasticity. This property can be demonstrated by some 
pieces of pitch, a naturally occurring asphalt that is as brittle as glass. 
A piece of pitch struck with a hammer shatters into a handful of jagged 
pieces. Toss these pieces into a beaker and in a few days or weeks— 
depending on the temperature and the grade of pitch—it will have flowed 
into a single mass that fills the beaker in a smooth, level layer. Rigid and 
solid to a quickly applied force, it nevertheless flows like a very viscous 
fluid under the long, steady pull of gravity. On a larger and longer scale, 
the behavior of the mantle material is similar to that of pitch or sealing: 
wax. To the rapid earthquake waves it is rigid and elastic. Yet, in response 
to steady forces over thousands of years, it flows like a viscous liquid. 

The title of this section, “Floating Continents,” is apparently one 
that is literally true. The light rock of the continents floats on the denser 
plastic mantle like a slab of wood on water. 

Archimedes’ principle works just as well on a large scale as it does 
in a laboratory beaker, and can be applied to the structure of the earth 
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FIG. 32-7. The main 
features of the earth's 
magnetic field are similar 
to those that would be 
caused by a giant bar 
magnet (or an equivalent 
Circulating current) at the 
earth's center. 
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FIG. 32-6 Conventionalized diagram of a continent supported by its buoyancy. 


itself. Figure 32-6 is a highly schematic diagram of a continent floating 
on a sea of denser plastic mantle material. The average altitude of a 
continent above sea level is about 1 km, as shown, and the average 
depth of the oceans is about 4 km. Point A, beneath the continent, and 
point B, beneath the ocean, are drawn to be at the same level, and the 
pressure at these two points must be the same. If it were not, the plastic 
mantle material would flow from the higher-pressure point to the lower 
until they were equalized. ; 

So, let us calculate (from p = hd) the pressures at 4 and B and set 
them equal: cf 


Pa = (x +44 1) x 2.65 = 2.65x + 13.25 
Pe = x x 3.00 + 4x 1.00 — 3.00x 4- 4.00. 
So 
2.65x -- 13.25 — 3.00x 4- 4.00 
0.35x = 9.25 
x = 26 km. 


The thickness of the granite slab forming the continent is then x + 5 = 
31 km. This is in good general agreement with seismographic evidence. 
Earthquaké waves are partially reflected from the boundary between 
granite and basalt beneath the continents; by timing the return of these 
reflected waves, the overlying thickness can be quite accurately deter- 
mined. Such direct measurements also confirm that the granitic slab 
is much thicker and deeper beneath mountain ranges such as the Rockies 
or the Alps than it is beneath the low plains of Kansas or France. 

The adjustment of the earth's crust under the shifts of mass on its 
surface has played a very important role in the evolution of the face of 
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our planet. For example, considerable isostatic adjustment: took place 
during the glacial periods, when thick sheets of ice covered much of 
North America and Europe. The weight of the ice caused the northern 
regions of these continents to sink deeper into the plastic layer of basalt 
underneath. At present, when most of the ice has retreated, the depressed 
parts of the continents are slowly rising toward their pre-Ice Age level, 
and we can notice a slow regression of the seas along many shorelines 
of the northern countries. 


The earth's magnetic field, in both magnitude and direction, can be 
easily and accurately measured not only at the surface, but above it, and 
below it in deep mines. The field is essentially what we might expect to 
be produced by a giant bar magnet aligned as shown in Fig. 32-7. The 
axis of the magnet and its field lie about 11? from the geographical axis 
of rotation—close enough to make the uncorrected magnetic compass a 
useful, if approximate, direction indicator except at high latitudes. 

For many reasons the idea of a huge permanent magnet deep within 
the earth is of course completely unacceptable. There can be no doubt 
that the magnetic field is produced by some sort of circulating electric 
current. Although we cannot completely rule out the effect of slow 
convective circulation in the plastic mantle, it seems more likely that a 
circulation of this sort would occur in the fluid core, which is no doubt 
well-ionized at its high temperatures. Any explanatory theory must take 
into account the higher thermal speed of the electrons, the effects of 
Coriolis forces on the electrons and on the more sluggish positive ions, 
and the details of heating to produce any convective currents in the first 
place. It is a problem that has not yet been satisfactorily solved. There are 
other complications, too, that will be apparent in the next section. 


The earth's magnetic poles wander a bit, and the strength of the field 
varies somewhat from decade to decade, but there has been no substantial ` 
change since the beginning of dependable records in the seventeenth 
century. We are accordingly accustomed to thinking of the earth's 
magnetic field as something relatively constant and permanent. The 
investigation of magnetic mineral crystals in old rocks, however, has 
rudely changed this comfortable picture. 

We can in general consider rocks to have been formed in two ways. 
To represent one class (the sedimentary rocks), let us consider the forma- 
tion of a sandstone in a shallow sea. Rivers and streams constantly erode 
the land, and carry out to sea fine sand grains and other minerals, 
including a common oxide of iron called magnetite. As the name implies, 
these elongated crystals are quite magnetic, and align themselves parallel 


` toa magnetic field (Fig. 32-8A). As they slowly settle to the bottom, they 


line up in the direction of the earth's magnetic field. As the sediments 


Earth's magnetic field i j Earth's magnetic field ~ 


A B | 
FIG. 32-8 The direction of the earth's magnetic field, preserved as “fossil magnetism” | 
in the rocks formed at the time. | 


slowly build up and become consolidated into sandstones, these magnetic 
indicators are locked into the direction of the earth’s magnetic field as it 
was when they were deposited. 

Rocks that have solidified from a molten state are igneous rocks. | 
As an example, take a dark iron-bearing lava poured out over the land 
in a volcanic eruption. Under proper conditions, similar magnetic 
minerals will crystallize out as the lava cools and hardens. These tiny 
magnetic crystals grow along the direction of the earth’s magnetic field t 
(Fig. 32-8B) as it was when the rock cooled. | 

Geophysicists carefully collect specimens of such rocks, noting of 
course their exact orientation while still in place. In the laboratory, the 
direction in which the rocks are magnetized then indicates the direction 
of the earth's magnetic field when they were formed. Data from a large 
number of such examples of fossil magnetism taken from many locations 
have demonstrated a peculiar phenomenon. At somewhat irregular 
intervals, ranging from about 10° to 10° years, the direction of the earth's 
magnetic field is reversed! We must therefore visualize the still unknown 
currents in the earth's core as periodically dying out—from the effect of 
friction, perhaps,—and then starting up again in the opposite direction. 


———— 
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Direct observations of the sun are limited to the surface of the photo- 
sphere, and no human eye can penetrate into its deep interior. Yet we 
know more about the central regions of the sun than about the core 
of the earth, in spite of the fact that the earth is right under our feet and 
the sun is a hundred million miles away! The reason for this strange fact: 
is that in both cases we have to make conclusions on the basis of theoret- 
ical considerations that require knowledge of the properties of matter 
under the physical conditions existing in the deep interiors of these two 
celestial bodies. In the case of the earth, we have to deal with the physical 
properties of a molten substance subjected to extremely high pressures 
inaccessible in our laboratories. Being unable to study these properties 
experimentally, we also lack any reliable theoretical predictions con- 
cerning them, since, as mentioned earlier in the book, the theory of the 
liquid state of matter is extremely difficult. It would seem that in the 
case of the sun's interior, where the temperature and pressure exceed 
by a large margin those encountered in the interior of the earth, the - 
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situation would be even worse. But this is not so. It turns out, in fact, 
that just because of these tremendously high temperatures that exist in 
the solarjnterior, the properties of matter become very simple and easily 
predictable on-the basis of our present knowledge concerning atomic 
structure. The reason for this is that, under the conditions existing in the 
solar interior, all molecules and atoms that form ordinary matter are almost 
completely broken up into their constituent parts. 

Consider a glass of water that is brought gradually to a higher and 
higher temperature. At room temperature, we have a complicated struc- 
ture in which water molecules composed of hydrogen and oxygen 
atoms are held together by intermolecular cohesive forces. With the 
increase of the temperáture, the molecules will be torn apart and we 
obtain water vapor, in which individual molecules fly freely through 
space and very rarely collide with one another. The physical properties 
of water vapor, being subject to classical gas laws, are much simpler 
to describe than those of liquid water. However, the properties of indivi- 
dual molecules (such as an absorption spectrum) are still almost as com- 
plicated as those in the liquid state. When the temperature rises to still 
higher values, violent thermal collisions between the water vapor mole- 
cules will break them up (thermal dissociation) into individuakatoms of 
hydrogen and oxygen. In this state, the optical properties of the gas 
become more predictable, since they pertain now to individual atoms 
of hydrogen and oxygen, which are simpler than the composite mole- 
cules of water. Now, if the temperature goes still higher, the increasing 
violence of thermal collisions will begin to strip the individual atoms 
of their electronic shells (thermal ionization). At the temperature of 
6000°K that prevails on the surface of the sun, most hydrogen atoms are 
broken up into protons and electrons, while the atoms of oxygen are 
stripped of two or three electrons from their outer shells. At the still 
higher temperatures that are encountered in the solar interior, oxygen 
atoms, as well as the atoms of all other heavier elements, will be almost 
completely stripped of all their electron sheils, and there will be a mixture 
of bare nuclei and free electrons involved in a violent thermal motion. 

This situation simplifies the picture quite a bit. First of all, we can 
expect that no matter how high the density, solar matter.can be con- 
sidered as an ideal gas. Indeed, as we have seen, an ideal gas is charac- 
terized by the smallness of the individual particles as compared with 
their relative distances. When a material consists of atoms and mole- 
cules that are about 107* cm in diameter, its particles must be packed 
tightly together when its density is about that of water. But once the 
atoms are broken into nuclei and free electrons, which have respective 
diameters of only 107+? to 107!? cm, the situation becomes entirely 
different, and the properties of gas will be retained up to much higher 
densities. 

Knowing the physical conditions (temperature, density, etc.) on the 
surface of the sun and the laws governing the gaseous material in its 
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interior, we can calculate, step by step, the change of these conditions 
as we proceed below the solar surface and toward its center. Such cal- 
culations were first carried out by the famous British astronomer Arthur 
Eddington, and gave us the first insight into the inside of our sun as well 
as of the other stars. The central temperature of the sun proves to be in 
the neighborhood of 20,000,000*K ! 


Yn the middle of the last century, shortly after the discovery of the 
law of equivalence of mechanical energy and heat, a new theory of 
solar energy production was proposed simultaneously by H. von Helm- 
holtz in Germany (1821-1894) and Lord Kelvin in England (1824— 
1907). They indicated that, being a giant sphere of hot gas that loses 
its energy through radiation from the surface, the sun is bound to con- 
tract, though very slowly. During this contraction, the forces of gravity 
acting between different parts of the solar body do mechanical work that 
is then turned into heat, according to the equivalence principle of mechan- 
ical and thermal energy. It has been calculated that, being much more 
powerful than chemical reactions (such as burning), this process could 
maintain the sun at its present luminosity for a couple of hundred. mil- 
lion years. At the time of Kelvin and Helmholtz, a few hundred million 
years seemed to be a sufficiently long period to explain the events of 
historical geology, and so their point of view was accepted without 
objection. We know now, however, that life on the earth must have existed 
for at least half a billion years, and the solid crust and the aceans must 
be much older still. Thus the gravitational contraction of the sun certainly 
could not have provided enough energy to maintain the surface of the 
earth and its oceans comfortably warm for the origin and evolution of 
living organisms. 

The discovery of radioactivity and the recognition of the fact that the 
energy stored within atomic nuclei exceeds, by a factor of a million, the 
energy liberated in ordinary chemical transformations, threw an entirely 
new.light on the problem of solar-energy sources. If the sun could have 
existed for several thousands of years fed by an ordinary chemical reac- 
tion (burning), nuclear energy sources are surely rich enough to supply 
an equal amount of energy for billions of years. The trouble is, however, 
that in natural radioactive decay, the liberation of nuclear energy is 
extremely slow. In order to explain the observed mean rate of energy 
production in the sun (2 erg/g/s), we would have to assume that the 
sun is composed almost entirely of uranium, thorium, and their decay 
products. Thus we are forced to the conclusion that the liberation of 
nuclear energy inside the sun is not an ordinary radioactive decay, but 
rather some kind of induced nuclear transformation caused by the specific 
physical conditions in the solar interior. It is natural to expect that the 
factor responsible for the induced nuclear transformations is the tre- 


, mendously high temperature existing in the solar interior. Indeed, at 


578 
Astrophysics 


33-3 
Solar Fusion 
Reactions 


a temperature of 2 x 107*K, the kinetic energy of thermal motion is 
4.2 x 107? erg per particle, which, expressed in electric units, amounts 
to 3 KeV. Thisis considerably smaller than the energies ordinarily used in 
the experiments on nuclear bombardment (1 MeV and up), but we must 
take into account that whereas artificially accelerated nuclear projectiles 
rapidly lose their initial energy, and have only a small chance to hit the 
target nucleus before coming out of the game, thermal motion continues 
indefinitely and the particles involved in it collide with each other for 
hours, centuries, and billions of years. Calculations carried out in this 


` direction in 1929 by the Austrian physicist F. G. Houtermans and the 


British astronomer R. Atkinson led to the conclusion that, at the tem- 
peratures existing in the solar interior, thermonuclear reactions between 
hydrogen nuclei (protons) and the nuclei of other light elements can be 
expected to liberate sufficient amounts of nuclear energy to explain the 
observed radiation of the sun. . 


Although the work of Houtermans and Atkinson proved, beyond 
any doubt, that the energy production inside the sun is due to thermo- 
nuclear reactions between hydrogen and some light elements, the exact 
nature of these reactions remained obscure for another decade because 
of the lack of experimental knowledge concerning the result of nuclear 
bombardment by fast protons. However, with the pioneering work of 
Cockcroft and Walton on artificially accelerated proton beams and sub- 
sequent work in this direction, enough material was collected in this 
field to permit the solution of the solar-energy problem. One possible 
solution was proposed in 1937,by H. Bethe in the United States and 
C. von Weizsacker in Germany (independently of one another) and is 
known as the carbon cycle, while the other possibility was conceived by 
an American physicist, Charles Critchfield, and is known as the H-H 
reaction. The net total result of both reactions is the transformation of 
hydrogen into helium, but it is achieved in a different manner in each 
reaction. $ 

In the carbon cycle, the carbon atom can be considered as a “nuclear 
catalyst” that helps unite 4 independent protons into a single « particle 
by capturing them one by one and holding them together until the union 
is achieved. After 4 protons are caught and the newly formed « particle 
is released, we get back the original carbon atom that can go again 
through the next cycle. The series of reactions constituting the carbon 
cycle is shown in Fig. 33-1. Proceeding clockwise from noon, we have a 
collision between a C1? and a proton, to form N!? plus a gamma photon. 
N^ is unstable and decays to C'S, and a positron. (Not shown on the 
diagram is the fate of the positron, which of course is the annihilation 
e* + e- — 2y). The C!? and a colliding proton now produce the stable 
N'^ + y, Another unstable isotope, O!5, plus another y is produced by 
the reaction of N!* with another proton. O!5 decays to N'5, with the 
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FIG. 33-1 Diagram of the nuclear reactions in the carbon cycle, responsible for most 
of the energy production of massive stars. 


emission of another positron that is immediately annihilated. In the last 
step of the cycle, N!5 and-a proton combine to create an « particle plus 
a new C’?, ready to start the cycle again. 

It must not be thought that each collision that takes place causes the 
reaction indicated. In fact, if we relied entirely on the principles of clas- 
sical physics, none of the four fusion reactions of the carbon cycle could 
ever occur. The proton energies at 20 x 10° degrees are simply not 
enough to allow them to approach close enough to feel the pull of the 
nuclear binding forces of the strongly positive carbon and nitrogen 
nuclei. Quantum mechanics, however, is a matter of probabilities, rather 
than any definite yes or no. In 1928, George Gamow, and, independently, 
E. U. Condon and R. Gurney, developed the theory of what is called the 
tunnel effect. This gives the nuclear physicist a way to calculate the small 
but very definite probability that the de Broglie waves of a particle can 
penetrate or “tunnel” a barrier such as that of the electrostatic repulsion 
between nucleus and proton. This theory, with data obtained from 
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laboratory measurements obtained by bombarding targets with high- 
energy protons, enables the probability for each type of collision reaction 
to be accurately calculated. The probabilities of the carbon-cycle reactions 
are very small. A carbon nucleus undergoes billions of impacts per 
second from the surrounding protons; but the "successful" impacts 
occur so seldom that it takes a C'? nucleus 6 x 10° years to complete 
the cycle of Fig. 33-1. 

Quantitative calculations showed that the carbon cycle could account 
for only a small part of the sun's energy production. The other series of 
fusion reactions, the proton-proton series, proved to be much more 
appropriate for the temperatures at the sun's center: 


H! + H! > D? + e* H! + H! > D? + et 
D? + H! > He? + y D? + H! > He? +y 


He? + He? > Het + 2H! + y. 


The overall reaction is the same as that of the carbon cycle: 4H! > 
He* + 2e* + 3y. But because of the smaller nuclear charges it is more 
effective at 20 x 10° degrees. Calculations show that its rate of energy 
production added to that of the carbon cycle equals the energy produc- 
tion of the sun. In the many stars hotter than the sun, however, the 
carbon cycle is the principal energy source. 

Although astrophysicists are convinced that these two processes are 
responsible for the energy produced in the great majority of stars, an 
uncomfortable element of doubt or question has recently entered the 
picture. In our diagrams of the two energy-producing cycles, we have 
omitted the neutrino that must be emitted with each of the two f*. 
So a flood of neutrinos must pour out from the center of the sun, pass 
through the sun almost without obstruction, and then fall on the earth. 
In order to measure this expected flux of solar neutrinos, equipment has 
been set up, similar in principle to that used by Reines and Cowan in 
their experimental detection of this elusive particle, To everyone's 
surprise, the number of solar neutrinos measured in this way has been 
only a fraction of the number to be expected. At this writing, the cause 
of the discrepancy is not understood. 


When Galileo. revolutionized astronomy in 1610 by turning his new 
telescope skyward, among the first things he observed were strange dark 
spots on the surface of the sun. We know now that these spots come and 
go in cycles. At the beginning of a cycle a few occasional small spots can 
be seen at a solar latitude of about 30°, apparently moving from west to 
east as the sun rotates at a speed of something like once a month. As the 
cycle progresses, more and more and larger spots, often in groups, appear 
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at lower latitudes, until the cycle gradually fades away after about 11 yr 
with a few small spots near the equator. The spots are dark only in 
contrast with the brighter surface that surrounds them. With a temper- 
ature of perhaps 4500°K, Stefan-Boltzmann's law tells us the spots are 
only about a third as luminous as their 6000°K surroundings. 

In Chapter 24, Section 7, we have mentioned the dark absorption 
(Fraunhofer) lines that can tell the spectroscopist what elements are 
present in the solar chromosphere. But this is not the full extent of their 
information. We have seen, also, that different values of the magnetic 
quantum number m have no effect on the energy of an electron—unless 
the electron is in a magnetic field. In a magnetic field the ordinarily 
single line is split into a number of lines whose separation depends on 
the strength of the field. By measuring this line splitting, the spectro- 
scopist can determine not only the strength but the general direction of 
the magnetic field surrounding the absorbing atoms. 

When sunspots appear in pairs or groups (Fig. 33-2), the leading 
major spot is opposite in magnetic polarity to the trailing spot. If, for 
example, a pair is observed in the northern hemisphere of the sun, with 
the N pole leading and the S pole trailing, all the pairs or groups in the 
northern hemisphere will have this same N-S sequence throughout the 
11 years of the cycle. In the southern hemisphere the polarity is reversed 
to S-N. And peculiarly, during the next 11 years these polarities are 
reversed. It will be S-N in the northern hemisphere, and N-S south of the 
solar equator. The actual length of the sunspot cycle is thus about 22 
years, rather than 11. 

' It seems inescapable that in the hot, dense gas beneath the sun's 
surface there are circulating currents—perhaps similar to our earthly 
cyclones, hurricanes, and tornadoes—that break through to the surface 
and appear as lower-temperature spots. There are a number of theories 
as to the nature and cause of these hypothetical currents, but none 
satisfactory enough to be generally accepted by solar astronomers. 
Whatever the cause, there is a cycle on the sun in which the magnetic 
fields of the spots build up and then die down and start up again in the 
opposite direction. It is tempting to speculate that there must be some 
basic similarity to the unknown circulation in the earth's fluid core, 
which causes the buildup, dying out, and reversal of the earth’s magnetic 
field. 


Since the energy radiated by the sun is due to the continuous trans- 
formation of hydrogen into helium in its interior, the sun evidently 
cannot shine for an eternity, and is bound to run out of fuel sometime in 
the future. It is estimated that during the 5 billion years of its existence, 
the core of our sun has used about half of its original supply of hydrogen, 
so that it still has enough nuclear fuel for another 5 billion years. What 
will happen 5 billion years from now, when our sun comes close to the 
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FIG.33-2 Three groups of sunspots. In the northern hemisphere the large leading spots 
are of south magnetic polarity, and the trailing spots are north magnetic poles. The large 
leading spot in the southern hemisphere is a north magnetic pole, and the trailing spots 
are south poles. These polarities will be reversed in the next 11 -year half-cycle. (Photograph 
by Aerospace Corporation San Fernando Solar Observatory, courtesy of U.S. National 
Oceanic and Atmospheric Administration, Environmental. Research Laboratories.) 


end of its resources? To answer this question, we have to remember that 
thermonuclear reactions proceed almost exclusively near the center of 
the sun, where the temperature is the highest. Thus the shortage of 
nuclear fuel will be felt first in the central regions of the sun, where all 
the originally available hydrogen will have been transformed into 
helium. We can easily visualize that this will result in a rearrangement 
of things in the solar interior in such a way that the high-temperature 
region will move to the interface between the “burned-out core” and the 
outer layers that still contain enough hydrogen to maintain a nuclear 
fire. The internal structure of the sun, therefore, will be transformed from 
a so-called point-source model (energy source in the center) to a shell- 
source model, in which the energy is liberated in a thin spherical shell that 
separates the burned-out core from the rest of the solar body (Fig. 33-3). 
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FIG. 33-3 The shell-source model for giant red stars. 


As more and more hydrogen is consumed, the “shell” will move outward 
from the center, as does a ring of fire that has been started by a carelessly 
dropped match in a dry grass field. 

It was suggested by Charles Critchfield and George Gamow, and later 
confirmed by the more detailed calculations of M. Schwarzschild and his’ 
associates, that the formation of such a shell source inside the sun (or 
any other star) must result in a steady growth of the star’s size and 
in a gradual increase of its luminosity. In fact, within a few hundred 
million years after the shell source is formed, the diameter of the sun is 
expected to become as large as the orbit of Venus, and its luminosity 
will increase by a factor of between 10 and 20, making the oceans on the 
earth boil violently. After this last effort, the sun will begin to shrink and 
fade out again, until it becomes quite faint and insignificant. But there 
is no reason for immediate panic—we still have 5 billion years to go! 

This will no doubt be the end of all life dn the earth, but it is not the 
end for the sun and the other stars that follow a similar course in their 
evolution. When the shell-burning has exhausted the star's hydrogen by - 
converting it all to helium, this method of energy production must come 
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to an end. The energetic collisions that cause internal pressure die down, 
the pressure of the outward-streaming radiation diminishes, and the outer 
regions of the swollen giant star now have nothing to support them. 
At this time, we must go back to call on the nineteenth century ideas of 
Kelvin and Helmholtz. 

The gravitational pull of its own mass causes the star to collapse 
inward; its gravitational PE is converted to compress and heat the central 
region to hundreds of million degrees. At this temperature, the fusion of 
alpha particles can occur. For more massive stars, the central temperature 
is higher, and fusion reactions can produce even heavier elements, up to 
the neighborhood of iron. Since such elements have the maximum 
binding energy (Fig. 28-2), fusion reactions can produce none heavier. 

* This last is a period of instability for evolving stars. They vary in 
brightness, often at irregular intervals; stars somewhat more massive 
than the sun may suddenly increase their brightness by 100 or 100,000 or 
more, explode some of their outer material into space, and then fade 
back. This may cause a star too dim to be seen to become visible—for 
this reason it is called a nova—“new star." Even more violent explosions 
in a more massive star may cause it to become a supernova, in which a 
substantial part of its mass is blown away, and its brightness temporarily 
increases by a factor of many millions. It is thought that elements of 
higher atomic number than iron are formed in these gigantic explosions. 

As far as we know, after this period of instability, there are three 
possible fates for a star, depending on its mass. With the exhaustion of 
its resources for nuclear fusion, it may again undergo a gravitational 
collapse that reduces a star the size of the sun to the size of the earth. 
Its central density may rise to a million or more times the density of water. 
Several hundred of these white dwarfs have been identified. Because of 
their small size and surface area, they are not very luminous, and most 
of them are no doubt invisible even to the most powerful telescopes. 
They are probably very plentiful, but most of them we will never sce. 

We visualize the interior of a white dwarf to be composed of the 
protons and neutrons of nuclei, with electrons equal in number to the 
protons, all compressed close together. For some stars, this is not enough. 
So much gravitational energy is released in their collapse that the protons 
and electrons are forced together to become neutrons. We thus get a 
neutron star composed entirely (except for a thin outer layer) of neutrons, 
with a density of as much as 10'* g/cm?——the density of the nuclear fluid 
of the droplet model. This reduces a star the size of the sun to a sphere of 
5- to 10-km radius. Neutron stars were predicted by theorists without 
much hope that anything so small could ever be observed. Later, how- 
ever, pulsating radio signals were observed by radio astronomers, coming 
from highly localized spots in the Sky. These signals had very regular 
periods ranging from a small fraction of a second to a few seconds, and 
their source was then an unanswered question. Now everyone (or almost 
everyone) is agreed that they originate from rapidly rotating neutron 
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stars. Even for such extreme specimens as neutron stars, conservation of 
angular momentum must hold. If a star like the sun. rotating sedately at. 
1 rev/month, were to be shrunk to a radius of 10 krh, it would have to 
spin very rapidly indeed to conserve its original angular momentum; 
with this small size, its intense gravitational field would more than 
counteract any tendency of centrifugal force to spin off material. It is 
thought that irregularities in its magnetic field accelerate the ionized 
gases around the neutron star as it spins, causing them to emit electro- 
magnetic waves whose intensity rises and falls with the same period as the 
rotation of the star. A substantial number of these pulsars are optically 
visible. 

An ever more extreme form of matter is thought to be possible. 
The density of the so-called “nuclear fluid” is not necessarily the ultimate 
density. Recent experifnental evidence has suggested localized scattering 
centers within nucleons—quarks, perhaps?—which leads to the picture 
that nuclear particles, like the larger atoms, may also be composed mainly 
of empty space. With this picture in mind, it is easy to imagine that the 
release of even more gravitational energy could compress a star to a 
density orders of magnitude greater than that of a neutron star. As 
a star is compressed, its surface gravitational field increases. Beyond a 
certain point, even photons cannot escape, even less any sort of real 
particle. A star that reaches this stage is completely cut off from any 
observation. It cannot emit light or any other radiation by which it 
could be observed. Its gravitational field, however, would persist. Such 
astaris called'a black hole, and at least one has been tentatively identified. 
It isa member of a double-star pair, each revolving about their common 
center of gravity. The black hole is of course invisible, but its presence 
is deduced from the gravitational effects it produces on its visible 
companion. 


Data on 
Particles 


Conversion 
Factors 


Particle Mass (kg) Mass (MeV) Charge (C) 


electron — 9.11 x 10-?1 0.511 —1.602 x 10-19 
proton 1.673 x 107?7 — 9384 +1,602 x 10719 
neutron — 1.675 x 10-27 . 9396 0 

alpha 6.642 x 10-27 — 3725 3.204 x 10719 
Length 


1 inch = 2.54 cm exactly 

1 foot = 0.3048 m 

1 mile = 1.609 km 

1 nautical mile = 1.151 mi = 1852 m 

1 light-year = 9.46 x 10!? km = 5.88 x 10!2 mi 3 

1 Angstrom unit (A) = 10-19 m = 0.1 nm = 3.937 x 10-9 inch 


Area 
1 in? = 6.452 cm? = 6.452 x 107* m? 
1 ft? = 929 cm? = 0.0929 m? 
1 mi? = 2.590 x 10° m? = 259 hectares 
1 acre = 0.405 hectare $ 


Volume 
lin? = 16.39 cm? 
1 ft? = 0.02832 m? 
1 quart = 946 cm? = 0,946 liter 


Weight 
11b = 4448N. 
1 lb = weight of 453.6 g or 0.4536 kg 


Electric and Magnetic 
lesu = 3.336 x 10-19 C 
1 C = 2,998 x 10? esu 
1 gauss = 107* weber/m? 


Nuclear Mass-Energy 


Jamu = 931 MeV = 1.492 x 10-1°J = 1.660 x 107?" kg 
1.074 x 107?àmu =1 MeV = 1.602 x 10713J = 1.783 x 10739 kg 
6.70 x 10?amu = 6.24 x 10!2 MeV =1J = 1.113 x 10717 kg. 


6.02 x 10?°amu = 5.61 x 1029 MeV = 8.99 x 10157 =1kg 


Miscellaneous Relationships 
60 mi/hr = 88 ft/s = 96.5 km/hr 
1 radian = 57.296° = 57° 17’ 45" 
1 horsepower = 746 watts : 
1 Ib/in? = 6895 x 10* dyne/cm? = 6.895 x 103 N/m? 
1 standard atmosphere = 1.013 x 106 dynes/cm? = 14.7 Ib/in? 
1 standard gravity = 9.8062 m/s? = 32.173 ft/s? 
1 kilowatt-hour = 3.60 x 10° J 
1 calorie = 4.18 J 
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Reference Tables Angle Sine Cosine Tangent Angle X Sine Cosine Tangent 
o° 0.000 1.000 0.000 
Li 017 1.000 017 46° 0719 0.695 1.036 
2° 035 0.999 .035 47° 331 682 1.072 
3? 052 .999 .052 48? 343 469 1111 
4^ .070 998 070 49° .755 656 1150 
5° .087 .996 .087 50° 766 .643 1.192 
6° 405 .995 405 51? 777 629 1.235 
1 422 .993 423 52° .788 616 1.280 
Di gn 439 .990 141 53° 399 402 1327 
i 9? 456 .988 158 54° 809 588 1.376 
10° 174 985 176 55° 819 574 1428 
11° 491 .982 194 56° 829 559 1.483 
12° .208 .978 213 57° 839 545 — 1.540 
Y 13° 225 974 231 58° 848 530 1.600 
$ 14° 242  -.970 249 59° 857 515 1.664 
15° .259 .966 .268 60° 866 500 1.732 
. i 16° 276 .961 .287 61° 875 A485 1.804 
17" — 292 .956 -306 62° 883 A469 1.881 
18° -309 .951 325 63* 891 454 1.963 
19° .326 946 . 344 64° 899 438 2050 
20° 342 -940 -364 65° .906 423 2.145 
21° 358 934 384 66° 914 407 | 2.246 
22° 375 .927 404 67° 921 391 — 2.356 
23° 391 .921 424 68° 927 375 | 2475 
24° 407 914 445 69° 934 358 ^ 2.605 
25° 423 .906 466 70? .940 342 2747 
26° 438 899 488 n° .946 326 2.904 
27° 454 .891 510 72° 951 309 3.078 
28° 469 883 632 73° 956 .292 3.271 
29? 485 875 554 74° 961 276 — 3.487 
30? .500 .866 677 75° 966 .259 3732 
31°. 815. 857.601 76? 970242 4.011 
32° 530 848 625 77° .974 225 4331 
4.83? 545 839 649 78° 978 208 — 4705 
34° 559 829 675 79° 982 191 5.145 
35° 574 819 700 80° 985 474, 5671 
36° 588 809 327 81° .988 156 6.314 
37° .602 799 754 82? .990 139 7415 
38? 616 .788 781 83° .993 122 8.144 
39° 629 777 810 84° .995 105 9.514 
40° .643 766 .839 85° 996 087 11.43 
41° .656 .755 .869 86? .998 070 1430 
42° 669 743 .900 87^ .999 .052 19.08 
43° 682 731 .933 88° .999 035 28.64 
44^ 695 319 .966 89° 1.000 0017 57.29 


45° 07 707 1.000 90° 1.000 000 


Chapter 1 


(a): 563 x 402; XE 10-5; (0439 x 307; ()7. 19 x 1077. 


- (a) 10-5; (b) 105; (c) 2 x 10-5; (d) 0.0043 x 10* = 43. 

* (a) about 105; (b) about 107; Je) he een of the earth, > 

- (a) 4 x 102; (b) 3.95 x LE t EON 

-5599 x 10955. ejt: 

- (a) 2.16 x 108; (b 1.728 : x 1905; (92 225 x 1019, 

:(a)105; (b)3 x 10*; (©) 3.16 x 4057 (d) 3.16 x 104; (e)8 x 104; 
: (0680x109 — - 


(a) 10°; o: x 10 Te x 105 (d) 4.64 x 10; (e)4 x 103; 


$ (0346 x 1 


(a) 105; (b) 105; (c) 10-2. 


` 0.318 cm. f 

3 1.276 x 10 cm = 1.276 x 107 m = 1.276 x 10* km. 
- 697 x 105. T$ ey ae 

* 13.97 ft. 

` 0.984 ft. 


Chapter. 2 


Chapter 3 


X 


1. 471b. - 
3. (a) yes; (b) 183 Ib. 
5. Yes, c = 0 
7. 111.1 Ib and 88.9 Ib. 
9. 4.41 ft in front of rear axle. 
11. 1.67 Ib. 
13. (a) W = 2001b; (b) T= 700 Ib, G = 500 Ib. 
17. (a) 15.0 units; (b) 26.0 units. 
19. (b) 1.643:S, 18.52 E. 
21. 18.60, 5.1° S of E. 
23. 11.5° S of E, 7490 Ib. 
25. (a) 500 Ib; (b) 400 Ib. 
27. (a) 248 1b; (b) P, — 215 Ib, P, = 761b. 
29. (a) 423 Ib; (b) S, = 407; S, = 79; S = 415 lb. 
31. 28.9 Ib downward and to the right, 20.7° from vertical; applied 7.02 ft 
from left end. 
33. 2450 Ib. 
37. 743 ft. 
39. 97.1 Ib. 
41. 62.4 lb/ft}. 
43, 7.80 g/cm?. 
45. (a) 0.81 g/cm?. 
47. (a) 64.3 Ib/ft?; (b) 643 Ib/ft? = 4.47 Ib/in?; (c) 2.89 x 105 Ib. 
49. 379 g/cm?. 
51. 333 Ib. 
53. (a)250 g; (b) 250 g; (c) 250 g; (d) 250 cm?; (e) 250 cm?; (f) 3.00 g/cm? 
55. (a) 200 cm?; (b) 7.60 g/cm? 
57. (a) 100 cm?; (b) 3.00 g/cm?; (c) 0.80 glcm?. 
59. 0.48 g/cm?. 
61. level unchanged. 
63. 2981.0 g. 


1. (a) 0.625 mi/hr/s or 0.917 ft/s?; (b) 1027 ft. 
3. —8 x 10!? cm/s?. 
5. (a) 4 x 1075 s; (b) 24 cm. : 
7. (a) 438 x 10!! cm/s?; (b) 5.50 x 105 cm/s. 
9. (a) 64 x 105 cm/s?; (b) 1.60 x 108 cm/s. 
13. 75 N; 7500 N. 
15. 0.200 slug. 
17. (a) 0.375 m/s?; (b) 0.15 N. 
19. 0.934 N. 
21. (a) 2.94 x 105 N; (b) 441 x 10* N; (c) 0.0832 m/s?; (d) 136 m. 
23. 0.50 s. 
25. 144 ft or 44.1 m. 
27. (a) 6 m/s?; (b) 60 N. 
29. (a) 1.68 ft/s?; (b) 2.18 s. 
31. 18.95 Ib. 
33. 1.90 m/s?, 
35. 221 m. 


591 37. (a) 4.75 N; (b) 522 N. ? 

; Answers to 39. 390 N. 

| Odd-numbered * 41. (b) 60 ft/s? 

Questions 43. 13.5 ft/s? or 4.14 m/s? or 414 cm/s?. 

45. 9.17 ft/s? or 2.81 m/s?. 
47. 30.8 Ib. 
51. 12.8 ft/s. 

= 53. 7.49 s. 

$ 55. 5 N. 

57. (a) 20.4 m; (b) 141 m. 
59. (a) 22.5 ft; (b) 53.7 ft/s. 
61. (a) 37.2 s; (b) 9660 m. 


. 1.32 x 10° ft-lb. 
- (a) 245 x 10$ J; (b) 2.45 x 106 J. 


Chapter 4 1 

3 

5. (a) 4500 ft-lb; (b) — 13,500 ft-lb; (c) 5500 ft-lb; (d) — 12,500 ft-lb. 
7 

9 


-3.92 x 10? ergs. 
- 64 x 10715 erg, or 64 x 107?? J, 
11. 121 ft. 
13. 1.89 x 105 m/s. 
15.32 x 10 "ergs = 32 J. 
17. 96 ft-Ib. 
19. 284 Ib. 
21. 4.00 ft/s. 
23: 8600 dynes/cm?. 
25. 283 cm?/s. 
27.1021 W. 
29. 162 horsepower. 
31. 1524 W; 2178 W. 
33. 703 Ib. 
35.5.40 x 106 J. 
37.444 x.10? m/s. $ 
39.1.00 s. 
41. 10,300 ft/s or 7020 mi/hr. 
43. 13 cm/s. 
45.v, = 1.6 x 105 cm/s east, v, = 6 x 10* cm/s east. 
47. (a) 0.559 ft/s; (b) 0.375 ft/s. 
AY. 0.098 kg/s. 
51.7.55 x 10° dynes or 75.5 N. 
53. 3.57 Ib. 


Chapter 5 1. 1.83 radians. 
3. (a) 7.17 x 10-* rad/hr; (b) 6.67 x 104 mi/hr. 
5. (a) 3142 rad/s; (b) 1.57 x 10* cm/s = 157 m/s. 
7. 13.09 rad/s.? 
9. (a) 75 rev/s?; (b) 150 rev. 
11.2.5 slug-ft?. 
13. 10.7 kg-m?. 


Answers to 
Odd-numbered 
Questions 


Chapter 6 


x 


Chapter 7 


N 
= 


. 245 cm/s? or 2.45 m/s? or 8 ft/s?. 
. 108 Ib. 


. (a) 7000 km = 7.00 x 10$ m; (b) 7.55 x 10? m/s = 7.55 km/s. 

. (a) 417 x 10!? J; (b) one-third as much. 

. (a) 1.25 x 105 J; (b) —1.25 x 108 J. 

. (a)2.85 x 101?J; (b)2.85 x 1012 J; (c) —5.70 x 10!2J; (d) — 2.85 x 10!2J, 
. (a) 20.9 mi/s; (b) 3.48 mi/s. 


. 20.3 rev/min. 

. 850 m/s. 

. 9.65 days. 

- (a)1.00 day; (b) 4.23 x 10* km = 2.63 x 10* mi; (c) 22,300 mi = 


- (a) 25.5 kg/cm?; (b) 2.50 x 105 N/m?. 


. 2.08 x 10!? dynes/cm?. 

- 440 x 10° dynes = weight of 4.49 kg. 

- (a) 10/7; (b) 20/21 (from metric moduli). 

. 1,60 x 10715 s. 

- (a) 0.2 cyc/s; (b) 5 s; (c) 0.2 rev/s; (d) 1.26 rad/s. 
- (a) 2.79 ft/s; (b) 11.7 ft/s?. 


- 592 cyc/min. 


. 0.56 Ib-ft. 

..2 x 10° g-cm?. 

. 106.7 ib. 

. 918 Ib. 

. (a) 2.00 x 107? N; (b) 2.04 x 10! metric tons. 

. (a) 171.5 cm/s; (b) 14,700 m ergs; (c) 58,800 m ergs; (d) 73,500 m ergs; 


(e) 0; (f) 73,500 m ergs; (g) 383 cm/s. 


. 4.22 rad/s or 40.3 rev/min. 

. 148 J. 

. N(10/7) gh. 

. 2/3 translational, 1/3 rotational. 

. 4/3 slug-ft?. 

. KE (arms in) = 9/4 times KE (arms out). 
. 1.33 x 10+ min = 222 hr. 

. to the right. 

. 1789 rev/min, 


Y 


21.3 N. 
N-m?/kg? or m?/(kg-s?). 


86 pj. 


(a)v2 = 202; (b) V2 = 1.414; (c) 7.92 km/s. 


3.59 x 10* km. r 


9.80 x 10? dynes/cm?. 
2:305; 


108 cyc/min. 


4.98 cyc/s — 299 cyc/min. 
55.9 cm. 
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Answers to 
Odd-numbered 
Questions 


Chapter 8 


Chapter 9 


Chapter 10 


. 0.817 hr = 49 min. 
. 1122 x 107? rad = 0.70°. 
. No. Natural frequency is 240.1 vibr/min. 


. slug/ft. 

. 1.12 x 10* cm/s. 

. 0.52 + 1.81 = 2.33 s. 

. At t = 1.04 s and 4.66 s. 

. (a) upper side; (b) upper side. 

. 4.74 x 10!* cycles/s. 

. 0.6 ft or 7.2 in. 

. 1000 ft/s. 

. A= 24 ft, v-— 408 ft/s, f = 17.0 cycles/s. 
. (a) 12 cm; (b) 2.88 x 10* cm/s, 

. (a) 2.50 cm; (b) in phase, to make antinode; (c) 4/2 = 1.25 cm; (d)7 


antinodes; (e) 6 nodes. 


. No; no node is equidistant from the two generating points. 


. 1115 ft/s. 

. 825 ft. 

. 2200 ft. 

; 640 rev/min. 

. 600 vibr/s. 

. 18.8 in. 

. (a) 412 vibr/s; (b) 1236 vibr/s; (c) 2060 vibr/s. 
. (a) 880 vibr/s; (b) 1760 vibr/s. 

. 0.625 ft or 18.75 cm. (v — 1100 ft/s or 330 m/s). 
. 1600. 

. 1750 m. D 

. A = 3.30 mm; length of train = 33 cm, 

. sina = 0.30; 2« = 35°. 

. 8660 ft. 

. 110 ft/s. 

. 1326 vibr/s. 

. (a) 10-1 watts/cm?^; (b) 10* s = 2.78 hr. 

. 0.90 or 90 percent. 

. 46 dB. 


. 235.4°F. 
. 60°C and 140°F, 


1107F. 


. (a) 623°K; (b) 321.9°K; (c) 23*K; (d) 183°K. 
. 1013 millibars. 

. 4470 in*. 

. (a) 21.6 Ib/in? ; (b) 8.6 Ib/in?. 

. 72.1 Ib/in?. 
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Answers to 
Odd-numbered 
Questions 


Chapter 11 


Chapter 12 


Chapter 13 


17. 50.8°C. 

19. 250.074 ft. 

21. (a) Cooled; (b) —56.4°C. 

23. 200.24 cm?. 

25. 18.9 cm?. ' 

27. 1.13 x 10° calories. 

29. 403 g. 

31. 86.7°C. 

33. 83.0°C. T 

35. (a) 227 kg; (b) 21 kg. 

34.56.37 C. 

39. 201 s. í 

41. 0.22s. (This is obviously à case where wrong assumptions lead to a 
wrong answer). 


3. 0.50°C. 
5. 7.18 x 10* cal. 
7. (a) 4.92 x 10? cal; (b) 1.12°C. 
9. 65.2°C. 
11. 501 m/s. (Remember heat of fusion of lead, given in Sec. 10-8.) 
13. 4.33 x 10* s, or 12 hr 2 min, 
15. 0.35. 
17. Eff. goes from 0.559 to 0.597; the 0.038 increase is 0.068 of the original 
0.559, 
19. (a) 0.699; (b) 0.489; (c) 10.22 x 107 J/s; (d) 2.45°C. 
21. +0.58 cal/degree. 


1. 7,4 diameters. 
3. 0.029 cm/s. 
5. (a) 1.21; (b) 1.1 
7. 377 m/s. 
9. vk = 0.67 vo. 
11. (a) vg = 1.23 va; (b) 2N/3. 
13. 3.08 x 10* cm/s. 
15. (a) more; (b) more; (c) increased. . 


1. (a) 577 s; (b) 667 s. 
3. (a) 0.982; (b) 1.004; (c) 1.0018; (d) 0.994; (e) 0.99968. 
5. (a)3 x 1077 + 6 x 1075s; (b)3 x 1077 + 12 x 107!5s; (c)6 x 107!5s. 
7. 9.17 km. 
9. 8.9 x 1075 km = 0.089 mm. 
11. 224 x 108 m/s. 
13. 3.47 x 107". 
15. 3.83 x 107?" kg. 
17. 0.974 c = 2.92 x 10? m/s. 


19. 0.652c = 1.96 x 10? m/s. 


———— — -—7 


Answers to 
Odd-numbered 
Questions 


Chapter 15 


Chapter 16 


21.0.464 x 107° kg = 0.464 ug. 

23.3.6 x 107° W. 

25. (a) 8.87 x 1049 J; (b) 9.85 x 107? kg; (c) 9.85 x 107? kg. 
27. 218 ft. A 
29.2081. ` 


1.0.75 dyne repulsion. 

3.4.62 x 107? C. 

5, 2.77 x 10-9 m. 

7. (b) Both + 10-9 or — 107? C (or 3 esu); (c) +4 x 107? and —2 x 107? C 
(or +12 and —6esu); or —4 x 107? and +2 x 107? C (or —12 and 
+6esu). 

15. 7.74 x 10? N/C, east. 

17. (a) 1.60 x 109 N/C, toward the electron; (b) 5.12 x 107! N, toward 
the electron. ` 

19.1.5 cm, or 1.5 x 107? m from the smaller charge, measured toward the 

^ larger charge. 

21.2.64 x 107? N. 

23. — 387 J/C, or — 387 V. 

25.1.38 x 107!? J. 

27. (a) No; (b) 6 x 107? m from 7 x 107? C charge, toward other charge; 
and 7.5 x 107? m from 7 x 107? C charge, away from other charge. 

29. (a) —3920 V; (b) +1110 V; (c) 5030 V; (d) 1.006 x 10-* J. 

31. C/6. . 

33. (a) 107? C; (b) 10* V/m or 10* N/C. 

35. (a) 107? C; (b) 50 V; (c) 10* V/m or 10* N/C. 

37. Weaker. : 

39.2 x 107? C. 

41. 6.64 x 107!? F = 664 pF. 


1. 2500 Q. 
3. 0.064 A. 
5.200. 
7. 0.4 A. 
9. (a) 2.1 Q; (b) 0.71 A; (c) 0.071 V; (d) 1.43 V; (e) 0.36 V. 
11. 145 0. 
13. 2/53 Q. 
15.1, = 200A; I; = 133A; Ih; = 0.67 A; Ig = 400 A. 
17. @ Ina = Is = Ig = 200A; Is = 140A; I; = 0.60 A; (b) 9.20 V; 
(c) 5.00 V; (d) 4.20 V. 
19. (a) 25 W; (b) 40 s. 
21. 707 V. 
23. (a) 12 Q; (b) 1200 W. 
25. (a) 6.40 Q, in series with magnet; (b) 40 W = 0.57 of total. 
27. The 500-W heater. It draws 222 W, while the larger heater draws only 
111 W. 
29. 7260 s. 


Chapter 17 


Chapter 18 


Chapter 19 


11. 
13 
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- (@) 6 cm, R, I; (b) 6.86 cm, R, I; (c) 9.60 cm, R, I; (d) 12 cm, R, I; 


212 A/m. 
750 A/m. 

0.24 A. 

2.67 x 107* weber/m?. 
Toward the east. 


. 4.80 x 107!? N, away from the wire. 
. (a) 1.60 x 10715 N; (b) 1.76 x 10!* m/s?. 
. (a) Both move under effect of a force perpendicular to velocity; (b) Grav. 


force set — mv?/r; (c) 5.68 mm. 


. (a) 1.92 x 107!" J; (b) 649 x 105 m/s; (c) 6.16 x 1074 weber/m?. 
. 5.30 x 107? weber/m?. 

. 5.85 x 107? weber/m?, 

, H = 5 x 10° A/m; B = 629 x 107? weber/m?. 

. 1.18 weber/m?. 

. 09.6 N. 

. 1.6 weber/m?. 

. 1.60 x 1071 A, 

. (a) 124,700 Q; (b) in series with galv. coil. 

, 0.120 Q, in parallel with galv. coil. 

. (a) Each force — 3.60 x 107* N; (b) directions opposite. 
. 2940 A. 

. 2.50 x 107? V, 

. (a) 1.60 x 107? V; (b) no. 

. (a) 707 x 107? Vs (b) 1.77 x 107* A. 

. 7.16 weber/m? = 71,600 gauss. 

. 12 V; 0.75 A. 1 

. $133 — $21 = $112. 


. Agt and NOS; +1e charge = 1.60 x 10719, 

. (a) Pb, 82, 207.19; Zn, 30, 65.37; (b)3.17; (c) 3.17 timesaslarge; (d) same. 
. 3.49 x 10°? (Pb), 4.60 x 10? (Zn). 

. (a) 1.00797 g; (b) 107.870 g; (c) 8.998 g. 

. (a) 29,520 C; 33.00 g. 

. 0.648 lb. 

. 2.00 x 107!5 N, 

. 480 x 107!5 N. 

. 3240 V. 

. (a) 1.408 x 10714 N; (b) 1.408 x 10714 N. 

. (a) 3.64 x 10-1? J or 3.64 x 1075 erg; (b) Same as (a). 
. About 3000 inches, or 250 ft. 


. 19 x 10!? km. 
. 1500 rev/min. 


3 feet. 

(e) oo, no image; (f) — 12 cm, V, E; (g) -3 em, V, E. 
(a) 6 in; (b) virtual; (c) erect; (d) 7.2 cm. 

10.3 cm. 


— n 
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Answers to 
Odd-numbered 
Questions 


Chapter 20 


Chapter 21 


- 31°40’ or 31.66°. 


17. 42°16 or 42.26°. 
19. (a) 28°36’ or 28.61°; (b) 50°. 
21. 70°11’ or 70.19°. 
23. 34°21’ or 34.36°. 
25. 28°42’ or 28.72°. 
27. (a) 39°52’ or 39.87°; (b) 60°40’ or 60.67°. 
29. 21°28’ or 21.47°. 
31. (a) 6 cm, R, I; (b) 6.86 cm, R, I; (c) 9.60 cm, R, I; (d) 12 cm, R, I; 
(e) oo, no image; (f) — 12 cm, V, E; (g) —3 cm, V, E. 
33. 34.7 mm. 
35. 8.47 in. 
37. 18 in. beyond diverging lens. 
39. 15 in. 
41. 40 cm from object, toward the screen; or 20 cm from first lens, towards 
the screen. 
1. (a) 1.714 x 108 m/s; (b) 337 nm. 
3. 4.42 x 107? cm or 0.442 mm. 
5. 9.33 x 1075 cm or 933 nm or 9330 A. It is not visible light. 
7. 5.06 cm. 1 


(a) 5.06/2 = 2.53 cm; (b) 5.06 x 2/3 = 3.37 cm. 


+ 2.552 x 1075 in = 6482 A. 

» (a) 1.26 x 1075 cm; (b) Any odd number x 1.26 x 1075 cm. 
- No reflection; black. 

. About 4 x 1077 m, or 4000 A. 


+ Noseward. 


— 60 cm. 


- 16.7 cm. 


(a) 5.0; (b) —0.50; (c) 7.9; (d) —40. 


- (a) 18.9 mm; (b) 6.7 mm. 

- Very nearly 8 times as much. 

- Very nearly 1/100 s. 

- 1/100 s at f/5.6. 

. (a) 8.78 x 107* cm; (b) 8.78 x 107* cm; (c) r = 1.224 x f-number. 
. 7.32 x 1075 rad = 1.51 seconds. 

- 1.26 in. 

- (a) 5 cm; (b) 2 in. 

+ 62.5. 

. 20 mm. 

. (a) 447 x 1075 rad = 0,92 seconds; (b) 55 seconds = 0.92 minute; 


(c) Not quite; (d) 15.4 mm, to give magnification of 78X. 


- 45X. 


33. (a) Yes, 3.24 x 1075 cm < 1p; (b)225X; (c) 4 x 1075 rad = 1.38 x 


35. 
37. 


107? minute; (d) Yes. 
(a) 11°27’ or 11.44^; (b) 23°23’ or 23.38; (c) 36°31’ or 36.53". 
(a) Third order; (b) yes. 


Chapter 22 


Chapter 23 


Chapter 24 


Chapter 25 


Chapter 26 


* 606 x 10-19 m = 6064. 
* 7.28 x 10°mjs, . 
* 999 x 107!? m = 9,99 A. 


* (a) 1.009 x 1075 cm; (b) 2.91 x 1075 cm. 


2420*K. 


* (a) 5.61 x 10°W/m?; (b) 3.86 x 105W/m?. 
* 1013 W. 
*- (a) visible; (b) UV; (c) UV. 


(a) 9.88 x 10-7?! erg = 9.88 x 10-28 J; (b) 9.95 x 10713 erg = 
9.95 x 107° J; (c) 3.32 x 10-6 erg = 3.32 x 10713 jJ, 

6.63 x 107? cm. 

1.001 x 107!! erg = 1.001 x 10-18 J, 

(a) 7.49 x 10-1? erg = 7.49 x 10-19 J; (b) 1.099 x 10-11 erg — 
1.099 x 107!5 J; (c) 3,50 x 10-12 erg = 3,50 x 10-1? J, 

6.69 x 10!* Hz, 


> 206 A. 


* 7.55 x 10!* Hz, 


8.5 x 1071? m, or 8,5 A. 


* 180 x 107?! m, or 0.18 A. 


—8.72 x 10779 J, 


* (a) +8.72 x 107?? J; (b) —17.44 x 10-20 J. 
* PE = —1:938 x 10718 KE = +969 x 10-19, E = —9,69 x 10-1? J, 


(a) 1.876 x 1075 m; (b) No—it is IR; (c) Paschen. 
Each line has f = 9 x frequency of Corresponding hydrogen line. 


(a) / = 0, 1, 2, 3; (b)/ = 2. 
(a) 1.7 x 10723 cm3; (b) 30 x 10-23 cm?, 
n=1,1=0,m=0,5= -1/2;nz 1,/=0,m=0,5 = D/2:"n 2:2) 
1-20 m- -1,s = ~1/2, ` 
* [*0,1, 2 : 


* 1s?, 2s?, 2p8, 352, 3p3, 

* (a)Z = 5 through 10; (b) Z = 11 and 12. 

" @n=5,1=2; (b)n=4,1= 1; (c)n = 4,1 = 3, 
* 1555 x 105 y. 


(a) 241 x 10-17 J; (b) 151 V. 


"(0s = 2n; (b) p, = 2p; (c) Ay = 2À,. 
* 331 x 1077 m = 0.0331 A. 


200 x 107!! m = 0.200 A. 

3.52 x 10739 m, 

1.26 x 10-19 m = 126 A. 

(a) 0.5 x 1075 m; (b) 0.126 m/s; (c) No. 


Ca: 20p, 20n. Al: 13p, 14n. Ra: 88p, 138n. Se: 34p, 46n. 
300 eV or 48 x 10717 j, 
65.4 
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Answers to 
Odd-numbered 
Questions 


Chapter 27 


Chapter 28 


Chapter 29 


ONW 


+ 3N'5, 4N!5, 13C15, 17137, (These are now often written in a different 


format: !*N, 4N, Ha, 11C). 
22 21 T 


. 9203, 


+ (a) 6.89 x 107" erg; (b) 2.89 x 107° cm = 0.289 A, 

« 1.50 x 105 eV = 240 x 107? erg = 240 x 10-14 J, 

- KE, = 2KEn,,. 

. 12.5 mg. 

- A little more than 140 years. (141.6 years). 

+ (a) 2ug; (b) no; (c) a very small amount, but theoretically, yes, 
- About 17,100 years ago. 

- (a) 1.79 earth years; (b) 2103 A.D. 


sB'° + Het + ;N!? + on! 


* (a) y7CP> + ,H! — ;He* + 168??; (b) Lió + n! + 1He* + .H?, 

+ (a) 148/75; (b) on"; (c) on"; (d) ,4Si?9; (e) 4He*. 

. 29.6 cm. 

* (8) 8.76 x 105 m/s; (b) 642 x 107* J = 642 x 107? erg; (c) 401 x 


10? eV. 


+ 1,50 x 105 eV = 0.150 MeV = 240 x 107? erg = 2.40 x 107!* J, 
- 40 revolutions. 

» 546 x 1078s, 

* 9.16 x 10° cyc/s = 9.16 megahertz or 9.16 MHz. 

. 2.77 x 107 m/s. 

+ 0.96 m or 96 cm. 

- Mass and period both increased by 51 percent. 

« (a) 0.511 MeV; (b) 4.70 x 10*. 


+ (a) 1.05; (b) 1.30; (c) 1.43. 

* (a) 0.04216 amu = 39.25 MeV; (b) 39.25 MeV, 
« 5.61 MeV/nucleon. 

+ 0.00938 amu/nucleon = 8.73 MeV/nucleon. 


. 7.87 MeV/nucleon. 
* (a) 0.00130 amu = 1.21 MeV; (b) bombarding particle has more energy 


than products. 


* (4)0,00300 amu = 2.79 MeV; (b) products have more energy than 


bombarding particle. 
(a) 0.00741 amu = 6.90 MeV; (b) bombarding particle has more energy 


than products. 


- About 190 MeV. 
- (a)4,Nb!9* and s,Sb!?*; (b) 3e + 3n; (c) le + 4n. 


Mouse; it has a larger S/V. 


- (a) 0,89; (b) reduced to less than 1.3 percent after 2 collisions. 


600 11. e/m of USF = 0.9915 x e/m of U??5Fz. 


Answers to 13. (a) 10?! ergs; (b) 6.2 x 107° Mev; (c) 3.1 x 1074 atoms; (d) 1.2 kg; (e) 1.1 g. 
Odd-numbered 15. (a) 2.15 x 10!? cal; (b) 1.46 x 107? cal. In the English-speaking countries 
Questions such ratings are nearly always in British Thermal Units: ] BTU = 252 

calories. In these units, (a) 8.53 x 10!? BTU; (b) 5.79 x 10!? BTU. 
Chapter 30 1.49 x 1073 J = 3.1 x 10'S eV. 


3.132 x 10715 m = 1.32 x 1075 A. 
5. 78m. 


A 


Aberrations, 393 
astigmatism, 395 
chromatic, 393 
coma, 395 
spherical, 394 

Absolute zero, 170 

Acceleration, 45 
centripetal, 93 

Accelerators: 
Cockcroft- Walton, 498 
cyclotron, 500 
linear, 504 
synchrotron, CERN, 504 
synchrotron, NAL, 504 
Van de Graaff, 499 

Air molecule: 
energy, 208 
properties, 209 

Alpha radiation, 481 
scattering, 335 
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Alternating current, 317 

Ammeter, 308 

Ampere, 283 

Ampère, André, 283, 300 

Ampére’s law, 310 

Anderson, Carl, 537, 543 

Angstrom unit, 375 

Antinodes, 141 

Antiparticles, 535, 539 

Archimedes’ law, 33 

Atmosphere: 
circulation, 563 
composition, 172 
standard, 174 
structure, 560 

Atomic mass unit (amu), 509 

Atomic models: 
Rutherford, 335 
Thomson, 334 

Atomic number, 479 

Atwood machine, 55 

Avogadro’s number, 329 


Index 


Bernoulli’s principle, 72 
Beta radiation, 481 
Bethe, Hans, 578 
Binding energy, 509 

per nucleon, graph, 511 
Biot, J. B., 299 
Black hole, 585 
Bohr, Niels, 432, 517 
Bohr atomic theory, 439 
Bohr’s postulates, 433 
Bothe, W., 507 
Boyle’s law, 175 


Bragg, W. H. and W. L., 464 


Brewster's angle, 384 
British thermal unit, 182 
Brownian motion, 205, 217 
Bubble chamber, 497 


Cc 


Calorie, 181 
Calorimetry, 181 
Camera, 400 
Canal rays, 477 . 
Capacitance, 272 
Capacitor, 274 
Carbon cycle, 578 
Carnot, Nicolas S., 197 
Cathode rays, 330 
Cells, electric, 281 
Center of gravity, 18 
Centrifugal force, 95 
Centrifuge, 114 
Centripetal force, 93 
Chadwick, James, 507 
Chain reactions, 519 
Charge, electric, 261 
induced, 264 
Charge-to-mass ratio, 331, 333 
Charles' law, 175 
Chromosphere, 457 
Circuits, electric, 284 
parallel, 287 
Series, 285 
Cloud chamber, 494 
Cloud seeding, 495 
Cobalt-60, 556 E. 
Cockcroft, John, 499 
Color: 
rainbow, 389 
sky, 387 
thin films, 382 
wavelength table, 387 
Compton effect, 428 
Condenser, electric, 274 
Condon, E. U., 579 
Conduction, heat, 184 
Conductivity, heat, 184 
table, 185 
Conductors, electric, 263 
current in, 338 
Consfants, table of, 586 
Continents, floating, 571 
Convection, heat, 186 
Conversion factors, 9 
table, 587 
Coriolis force, 565 
Coulomb, 261 
Coulomb’s law, 261 
Cowan, Clyde, 541 
Critchfield, Charles, 583 
Critical size, 520 
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Curie, Marie and Pierre, 476 
Currents: 
alternating, 317 
generation, 311 
induced, 311, 319 
magnetic field of, 299 
Cyclone, 565 
Cyclotron, 500 


D 


Dating: 
carbon-14, 487 
tritium, 489 
uranium-lead, 486 
De Broglie, Louis, 461 
De Broglie waves, 462 
Decibel, 163 
Decimal prefixes, 586 
Density, 30 
linear, 134 
Deuterium, 523, 531 
Deuteron, 523 
Diamagnetism, 304 
Dielectric constant, 275 
table, 276 
Diffusion, 217 
Diopter, 399 
Dirac, P. A. M., 535 
Doppler effect, 159 
Dyne, 52 


E 


Earth: 
interior structure, 568 
mass, 106 
radius, 106 
temperature, 567 
Efficiency, 75 
Einstein, Albert: 
Brownian motion, 206 
photoelectric effect, 423 
relativity, 228 
Electric field, 267 
Electric potential, 271 
Electric shock, 554 
Electrocardiograph, 552 
Electroencephalograph, 552 
Electrolysis, 325 
Electrolyte, 281 
Electron: 
charge, 334 
e/m, 333 
energy in orbits, 436 
mass, 334 
Electron microscope, 467 


Electron shells, 447 
Electron volt, 484 
Electroplating, 328 
Electroscope, 266 
Electrostatic charge unit, 261 
Ellipse, 115 
Energy: 
conservation, 67 
electrical, 290 
equipartition, 207 
gravitational potential, 110 
kinetic, 68 
nuclear binding, 509 
\ potential, 68 
production in Sun, 577 
radioactive decay, 482 
rotational, 96 
of weather, 566 
Energy levels: 
hydrogen atom, 437 
nuclear, 514 
Entropy, 198 
Equilibrium, 14 
Equipartition of energy, 207 
Erg, 69 
Escape velocity, 111 
esu of charge, 261 
Ether, 221 
Evaporation, 216 
Exclusion principle, 446 
Expansion, thermal: 
linear coefficient, 178 
volume coefficient, 179 
Exponential notation, 4 
Eye, 396 
accommodation, 397 
anatomy and function, 396 
defects, 397 
resolving power, 404 


E 


Falling bodies, 53 
Farad, 272 
Faraday, 328 
Faraday, Michael, 311 
electrolytic laws, 327 
Fermi, Enrico, 522, 540 
Ferromagnetism, 304 
Field: 
electric, 267 
gravitational, 267 
magnetic, 295 | 
Films, thin, 381 | 
Fission, nuclear: 
discovery, 517 
fuels, 524, 526 
uranium isotopes, table, 519 
Fitzgerald, G. F., 228 
Fizeau, H. L., 348 


Flux, magnetic, 303, 312, 315 
Flux density, magnetic, 301 
Force constant, 125 
Forces: 

centrifugal, 95 

centripetal, 93 

Coriolis, 565 

on electric currents, 306 

exchange, 542 

on moving charge, 305 

nuclear binding, 542 
Foucault, Jean, 374 
Fraunhofer, Joseph, 456 
Fraunhofer lines, 457 
Friction, 25 

coefficient of, 25 
Frisch, Otto, 517 
Fundamental frequency, 142 
Fusion, nuclear: 

carbon cycle, 578 

energy of, 530 

laser heating, 531 

H-H reaction in stars, 580 

in the sun, 578 


G 


Galileo, 53, 346 
Galvanometer, 306 

Gamma radiation, 481 
Gamow, George, 499, 579, 583 
Gas, ideal, 177 

Gas law, general, 175 

Geiger counter, 498 
Gell-Mann, Murray, 547 


Geodesics, 255 
Gilbert, William, 260 
Gram, 6 

Grating: 


reflection, 413 

transmission, 378 
Gravitation: 

Newton's law, 104 

Space curvature, 254 
Gravitational constant, 106, 128 
Greenhouse effect, 563 
Gurney, R., 579 
Gyroscope, 98 


H 


Hahn, Otto, 517 

Half-lifetimes, 484 

Heart, 552 

Heat: 
conduction, 184 
convection, 186 
mechanical equivalent, 193 
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physiological balance, 188 ~ 
radiation, 188 
Heat engine, 196 
Heisenberg, Werner, 470 
Henry, Joseph, 311 
Hooke's law, 121 
Horsepower, 74 
Huygens, Christian: 
refraction of light, 372 
wave propagation, 147 
Huygens' principle, 147 
Hydrogen atom: 
electron energies, 436 
electron orbits, 434 
spectrum, 433 


Impulse, 79 
Induced charge, 264 
Induced magnet, 297 
Induction, magnetic, 301 
Inertia, 49 

moment of, 89 
Insulator, electric, 264 
Tons, 282, 325 
Isotopes, 479 


J 


Jeans, James, 420 

Joule, 69 

Joule, James P., 193 

Jupiter, mass and radius, 118 


K 


Kepler's laws, 115 
Kilocalorie, 182 

Kilogram, 7 

Kinetic energy, 68 

Kinetic theory of gases, 212 


L 


Lasers, 454 
Latent heats, 183 
Lawrence, E. O., 500 
Le Chatelier's principle, 313 
Lenses, 361 
magnetic, 468 
Lenz's law, 313 
Light: 
coherent, 456 
deflection, general relativity, 250 
hot-body emission, 418 


interference, 1-slit, 377 
interference, 2-slit, 374 
polarization, 383 
reflection, 349 
refraction, 356 
velocity, 346, 349 
visible range, 375 
wayelength of colors, 387 

Light-year, 10 

Lorentz, H. A., 228 

LSI, 343 


M 


Mach number, 158 
"Magic numbers," 515 
Magnetic field, 299 
Magnetic poles, 296 
Magnetism: 
fossil, 573 
terrestrial, 573 
Magnification, 363 
angular, 406 
Magnifier, simple, 405 : 
Mars, 106 
Marsden, Ernst, 336 
Mass, 49 
Mass defect, 509 
Mass number, 479 
Mass spectrograph, 480, 525 
Maxwell, James C., 211 
electromagnetic waves, 385 
light waves, 221 
Meitner, Lise, 517 
Mendeleev, Dmitri, 449 
Mercury, planet, 119 
precession of orbit, 252 _ 
Meson, 542 
Meter, 5 
Michelson, A. A., 223 
apparatus, 225 
Microscope, 410 
electron, 467 
Millikan, R. A., 329, 333 
Minkowski, H., 237 
Mirror: 
concave, 352 
convex, 355 
plane, 350 
Modes of vibration, 154 
Molecular beams, 209 
Molecules: 
air, data, 209 
velocity distribution, 212 
Moment of inertia, 89 
Momentum, 77 
angular, 98 
conservation, 78 
Morley, E. W., 223 
Motion, uniformly accelerated, 47 


Moving objects, appearance, 242 
Muon, 543 


Nerve impulses, 551 
Neutrino, 540, 545 
Neutron, 477 
discovery, 507 
Neutron-proton graph, 508 
Newton, 52 
Newton, Isaac: 
rainbow, 390 
refraction of light, 371 
Newton's laws: 
first law, 49 
second law, 49 
third law, 76 
gravitation, 104 
Nodes, 141 
Noise, scale of, 162 
Nonconductors, electrical, 264 
Nuclear models: 
liquid drop, 512 
shell, 514 
Nuclear reactors: 
breeder, 526 
control rods, 523 
Fermi pile, 522 
fission, 526 
fusion, 529 
moderator, 522 
power production, 526 
Nuclear transformations, 493 
Nucleons, 479 
Nucleus, atomic, 477 
Numerical aperture, 411 


ce) 


Oersted, H. C., 298 
Ohm, 283 

Ohm, Georg S., 283 
Ohm's law, 283 

Oil-drop experiment, 333 
Overtones, 142 ~ 


P 


Pacemaker, cardiac, 552 
Pair production, 538 
Paramagnetism, 304 
Particles: 

data, 587 

elementary, 545 
Pascal's law, 32 
Pauli, Wolfgang, 447, 540 
Pendulum: 

simple, 126 

torsion, 128 


Photoelectric effect, 423 
Photon, 148, 427 
Photosphere, 457 


Physical constants, 586 ^ ` ` 


Pion, 543 
Planck, Max, 421 
Planck's constant, 422 
Plasma, 531 
Plutonium, 526 
Polarization: 

atoms, 275 

light, 383 
Poles, magnetic, 296 
Positron, 535 
Potential: 

electric, 271 

gravitational, 109 
Potential energy, 68 
Pound, 50 
Power, 74 

electrical, 290 
Precession, 99 
Pressure: 

absolute, 177 


Probability waves, 471 
Projectiles, 58 
Proton, 477 

Pulsars, 585 


[o] 


Quantum, 422 
Quantum numbers, 443 
Bohr's n, 435 
spin, 446, 537 
Quarks, 547 


R 


Rad, 557 

Radian, 88 

Radiation: 
biological effects, 556 
and energy levels, 437 
exposure, 559 


. heat, 188 


infrared, 419 

intensity distribution, 419 
medical uses, 555 
ultraviolet, 420 


Radioactive families, 481 
Radioactivity, 476 
Random walk, 217 
Rayleigh's criterion, 403 
Rectifiers, semiconductor, 339 
Reflection, 350 
total internal, 360 
Refraction, 356 
index of, 357, 358 
Reines, Frederick, 541 
Relative biological effectiveness 
(RBE), 557 
Relativity, general, 248 
Relativity, special, 221 
Einstein’s postulates, 228 
relativistic mechanics, 230 
Rem, 558 
Resolving power, 402 
of eye, 404 
Resonance, 130 


. Resonances (particles), 545 


RMS velocity, 213 

Rocket propulsion, 80 

Roemer, Olaus, 347 

Roentgen, 557 

Roentgen, Wilhelm, 476 
Rotational motion, 88 
Rutherford, Ernest, 262, 493, 507 


E 


Satellites : 

energy, 108 

orbital speed, 107 
Savart, Félix, 299 
Scaling, 550 
Schródinger, Ernest, 467 
Scintillation counter, 498 
Second, 8 
Seismograph, 568 
Semiconductors, 339 
Shells, electron, 447 
Shells, nuclear, 514 
Shock waves, 157 
Simple harmonic motion, 123 

reference circle, 124 

rotational, 128 
Slug, 52 
Snell's law, 357 
Sodium pump, 551 
Solenoid, 303 
Sommerfeld, A., 439 
Sound, velocity, 139, 143 
Space, curvature of, 254 
Space-time, 235 

curved continuum, 256 
Spark chamber, 497 
Specific heat, 181 
Spectral series, hydrogen, 438 
Spectroscope, 412 


Spectrum: 
absorption, 413 
bright-line, 413 
continuous, 413, 456 
electromagnetic, 385, 387 
hydrogen atom, 433 
multielectron atoms, 452 
solar, 456 
X ray, 457 
Spin, electron, 446, 537 
Spin quantum number, 446, 537 
Stars: 
black hole, 585 
energy production, 580 
evolution, 581 < 
neutron, 584 
pulsars, 585 
Stefan-Boltzmann law, 419 
Stern, Otto, 209 
Strain, 122 
Strassmann, Fritz, 517 
Stress, 121 
Sun: 
energy production, 577 
interior, 575 
Sunspots, 580 
Supersonics, 157 
Surface tension, 215 
Surface/volume ratio: 
animals, 548 
nuclear reactions, 521 
Synchrotron, 503 


T 


Telescopes, 406 
Temperature: 
Celsius (centrigrade) scale, 168 
Fahrenheit scale, 168 
Kelvin scale, 171 
measurement, 167 
Reamur scale, 190 
Temperature inversion, 562 
Terrell, J. L., 243 


Thermodynamics: 

first law, 194 

second law, 200 
Thermometers: 

bimetallic, 168 

gas, 169 

liquid expansion, 168 
Thomson, J. J., 329, 477 
Threshold frequency, 427 
Tompkins, C. G. H., 238 
Ton, metric, 52° 
Torque, 15 
Torricelli, E., 172 
Tracers, radioactive, 555 
Transformers, 317 
Transistors, 341 
Trigonometric functions, 21 

table, 588 
Tritium, 489, 531 
Tunnel effect, 579 


U 


Ultrasonics, 155 
Ultraviolet catastrophe, 420 
Uncertainty principle, 468, 543 


V 


Vacuum tubes, 343 
Valence, 328 
Van de Graaff, R., 499 
Van de Graaff accelerator, 499 
Vectors, 20 
addition, 21 
components, 22 
Velocity, 45 
molecular, 210 
Vibration modes, 154 
Volt, 272 
Volta, Alessandro, 281 
Voltmeter, 307 
Von Weizsacker, C., 578 


Walton, E. T. S., 499 
Watt, 76, 290 
Waves: 
de Broglie, 461, 472 
interference of, 145 
light, 221 
mediums for transmission, 138 
of probability, 471 
reflection, 135 
standing, 139 
surface, 143 
transverse, 135 
Weber, 303 
Weight, 49, 112 
on other planets, 106 
Weightlessness, 112 
White dwarf star, 584 
Wien's law, 419 
Wilson, C. T. R., 494 
Work, 66, 70 
rotational, 96 
Work function, 427 
World-line, 258 


X 

X rays, 556 
diffraction, 465 
discovery, 476 
spectrum, 458 


Y 
Young, Thomas, 122, 374 


Young's modulus, 121, 122 
Yukawa, Hidekei, 542 


Z 
Zero, absolute, 170 


